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Euchdes ab omnt naevo vindicatus Ve 
byJ.R. LUCAS 


It is often thought that the discovery of non-Euclidean geometries has 
discredited Kant (Paton (1936)); and some Kantians have maintained 
with equal fervour that nothing of the sort has occurred because what 
Kant really said, properly interpreted, is quite consistent with there being 
non-Euclidean geometries (Martin (1951), Nelson (1906), Meinecke (1906), 
Natorp (1921), Becker (1927)}—indeed Kant himself envisaged this 
possibility.! 

The issue is obscured by the fact that the word ‘space’ can be used in 
four different ways. It can be used, first, as a term of pure mathematics, 
as when mathematicians talk of an ‘n-dimensional phase-space’, an ‘m- 
dimensional vector-space’, a ‘three-dimensional projective space’ or a 
‘two-dimensional Riemannian space’. In this sense the word ‘space’ 
means the totality of the abstract entities—the ‘points’—implicitly 
defined by the axioms. There is no doubt that there exist, in this 
sense, non-Euclidean spaces, because all that is claimed by such an 
assertion is that sets of non-Euclidean axioms constitute possible implicit 
definitions of abstract entities, that is to say that some sets of non-Euclid- 
ean axioms are consistent. If Kant or any other philosopher had denied 
this, he would have been wrong; but Kant himself took care not to deny . 
it,* and there is little reason to suppose that any philosopher concerned 
about space has been using the word in this, the pure mathematician’s, 
sense, 

The second use of the word is that of the physicist. The word ‘line’, 
for example, may be taken to be exemplified by the path of a light-ray, 
or the path of a freely moving particle, or a geodesic (the shortest distance 
between two points). Under such interpretation, the axioms or some of 
the theorems will state synthetic propositions which can be put to an 
empirical test. It then becomes an empirical question whether a particular 
set of geometrical axioms under a particular interpretation is true or not; 
and, as is fairly well known, if we interpret straight lines as being the 
paths of light rays, space turns out to be not Euclidean but Riemannian. | 

It is important to stress the réle of interpretation in the physicists’ 

Received 1 October 1968 ` 


1 ‘Gedanken von der wahren Schätzung der lebendigen kräfte, Werke T, 24; Critiqua of 
Pure Reason B 268. 2 Ibid. 
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concept of geometry. It is only under a given interpretation that a set 
of axioms becomes physically determinate, and capable of being tested 
and found to be true or false. A physicist can always avoid having to 
reject a set of axioms as false by refusing the interpretation under which 
they turn out to be false. There may be another interpretation, equally 
acceptable, under which the axioms turn out to be true. Whether an 
interpretation is acceptable or not is more a matter for the physicists’ 
judgment than a question to be decided definitely by empirical test. In 
general, it is possible to secure an interpretation under which a certain 
set of axioms—say the Euclidean axioms— will come out true, but this 
interpretation may be purchased at the price of having to have a more 
complicated physical theory than otherwise. If I interpret straight line 
as ‘path of freely moving particle’ and then posit various gravitational 
and other forces to bring it about that a great many apparently free moving 
particles are not really moving freely, then I shall be able to maintain 
that space is really Euclidean, but that physics is a good deal more com- 
plicated than Einstein made out. Poincaré (1902, 1905) was prepared to 
pay such a price. He thought that non-Euclidean Geometries were so 
inconvenient, and that it was so important to have the geometry on which 
physics is based Euclidean, that he was prepared to forego all the simplicity 
and elegance of the General Theory of Relativity in order to secure for 
physics a fundamental Euclidean basis. 

Poincare’s belief in the fundamental pre-eminence of Euclidean Geom- 
etry is a view which is often, and with some show of justice, taken to be 
the natural modern analogue of Kant’s. This is a third sense of the word 
‘space’, in which it is claimed that it is a necessary condition, perhaps a 
subjective condition depending on the nature of the human mind, that 
the space we actually think of should be a Euclidean space. Space in this 
sense is neither the pure mathematician’s construct nor the remote object 
of the sophisticated physicist’s discovery, but the space of our ordinary 
experience, given to us, and given to us under a standard interpretation, 
in all our visual and tactile experience. Some connection is claimed between 
some central aspects of experience and the Euclidean nature of the space 
in which this experience is given us, that makes it unthinkable that space 
in this third sense should not be Euclidean. 

It seems to me that Kant did maintain that space in this third sense was 
necessarily Euclidean, but the issue is clouded by the fact that often 
when he talks of space, he is using the word not in this but in a fourth sense, 
a sense in which it makes no sense to ask whether space is Euclidean or not. 
‘In the beginning’, Newton rewrote Genesis 1:1, “God created atoms and 
the void.’ The void is that in which atoms may or may not occupy a place, 
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and moving through which may occupy different places at different times. 
Newton’s concept of atoms and the void was an idealisation of our ord- 
inary concept of things, each one occupying at a given time a certain 
place. The concept of space in this fourth sense provides room for things 
to exist in. Every point in space is a possibility of existence, in the sense 
that a thing may, or may not, exist at that point at a given moment; may, 
or may not, occupy that position. More fundamentally we may argue 
that some concept of space is a necessary condition, first of our being 
able to say that two things are qualitatively identical but numerically 
distinct, and secondly of our being able to say that a thing has changed 
while still remaining the same thing. It is not our task here to unravel the 
various arguments that Kant and other philosophers have used in order to 
demonstrate that Space is a necessary concomitant of the other fundamen- 
tal categories of Time, Substance, Change or Motion. All we need to point 
out is that the Space that these arguments are concerned with is more 
primitive than the space about which it can be asked whether is is Euclidean 
or not. Space in this fourth sense needs to have certain topological pro- 
perties—continuity, connectedness etc.—but not any metrical properties, 
and therefore cannot be inconsistent with there being spaces, in some 
other sense, that are non-Euclidean. It is because Kant was chiefly con- 
cerned with space in this fourth sense, that commentators have claimed 
that the discovery of non-Euclidean geometries has not in the least 
discredited his views. 

Nevertheless some unease remains; Kant did sometimes use space in 
the third sense, and the discovery of non-Euclidean geometries does 
therefore seem to discredit the view that space in this sense must necessarily 
be Euclidean. It is this view that I want to rehabilitate, though not in 
Kant’s terms. I shall attempt to vindicate the special status of Euclidean 
geometry and show why it holds a pre-eminent place in our affections. 

Euclid was perhaps unfortunate in that his genius led him to hit upon 
‘the parallel postulate as his fundamental axiom and not some equivalent 
proposition. It was natural enough when geometry was concerned with 
laying out the boundaries of fields along the Nile to regard parallel bound- 
_ aries as particularly important. But other concepts are equally adequate 
and even more important. John Wallis (1693), one of the first mathema- 
ticians in modern times to consider Euclid’s fifth postulate, showed that 
it could be replaced by an axiom saying that, given a figure, another 
figure is possible which is similar to the given one and of any size what- 
soever; and Gerolamo Saccheri (1733) pointed out that it is enough simply 
to postulate that there exist two unequal triangles with equal angles. 

We thus see that it is a necessary condition of our being able to apply 
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the concept ‘same shape though different size’ that our geometry should 
be Euclidean. We might almost say that it was a condition of our having 
the concept of shape at all—for in a Projective Geometry, which contains 
no concept of size, similarity of geometrical configuration would be of 
too general application to be a reasonable analogue of our concept of shape; 
while in Elliptic and Hyperbolic Geometry, although there is a concept 
of size as well as one analogous to our concept of shape, since the two 
cannot vary independently, it would be unlikely, or at least difficult, for 
the two to be distinguished in the way we distinguish them. Euclidean 
Geometry, if not an absolutely necessary condition for the existence of 
the concept of shape, is the only ecological environment in which that 
concept can flourish and prosper. Thus the price of abandoning Euclidean 
Geometry would be the loss of an important respect in which things can 
be similiar to or dissimilar from one another. We should still of course 
be able to classify things by colour, by chemical composition, by weight 
or by specific heat: but we should no longer be able to classify by shape, 
and this would be awkward; not only would our concepts of area and volume 
become cumbersome if squares and cubes could not be fitted together 
to form larger squares or cubes or subdivided into smaller constituent 
squares or cubes, but it would be conceptually impossible to have scale 
models, diagrams, maps or blue-prints; which would be a pity. 

Euclid, in I.4 ‘proves’ the congruence of two triangles having two sides 
and the included angle equal by the method of superimposition; supposing 
triangle ABC be superimposed on to (edapnoLouevov emi rov) triangle 
DEF. He has been much criticised for this: superimposition, it is said, is 
not a proper geometrical method; we cannot properly derive proposition 
1.4 from the axioms by this method—indeed, we cannot properly derive 
it at all, and proposition I.4 should not be stated as a theorem but as an 
axiom. In modern systems it is given as one of the axioms of congruence. 
The method of I.4 although outside the canon of geometrical methods, 
has some intuitive appeal, and does in truth reveal an alternative approach 
to geometry, an approach in which we consider what things we can do to 
geometrical figures without destroying their geometrical properties— 
superimpose, move, turn, turn over, add more lines to, construct circles 
round. This “operational” method was extruded from the canon of 
geometrical propriety by Plato, who thought it ridiculous to talk of doing 
things (mparreıv) in geometry (Republic VII. 527a), not so much because 
of his discovery of the axiomatic method as a consequence of his alleg- 
iance to the theory of forms. Knowledge could only be of what was un- 
changing (roô dei övros). Aristotle, rejecting the metaphysics that 
made it plausible, retained the view that geometry must be entirely 
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static; ‘mathematics is a theoretical science concerned with things that 
are stationary (uévovra) but not separable’ (Metaph. 1064330, see also 
989b32): and mathematicians have had a bad conscience ever since 
about the operational metaphors they have continually found themselves 
using. It is only in the last century that a theory of operators has been 
developed. Felix Klein suggested in his Erlanger Program that it would 
be fruitful to consider for each geometry what groups of operators would 
leave the geometrical properties of figures unchanged. Helmholtz was 
on the track of the same idea, which was tidied up mathematically by Lie 
(1890) and now offers an alternative approach to geometry, quite as 
rigorous as the traditional axiomatic approach and entirely respectable, 
in which we consider various groups of operators operating upon the 
members of a given set. 

Euclidean Geometry then emerges as the geometry in which the three 
operators of displacement, rotation, and reflection are possible without 
alteration of geometrical properties. These operations can be defined 
algebraically as transformations of the general form 


x = ya toy 


j 
where the matrix (yy) is an ‘orthogonal’ matrix, that is, has its inverse 
equal to its transpose (and therefore its determinant equal to +1). In 
effect, this transformation rotates, or turns, a figure through an angle 
(the effect of the orthogonal matrix), possibly reflects it into its mirror 
image (if the determinant is equal to —ı), and translates, or displaces, it 
a distance a; in direction 3. 

This algebraic transformation appeals to the algebraist as being the 
simplest and most fundamental transformation he can deal with. We can 
also see, independently of algebra, that the three operations involved 
are pre-eminently important. Reflection (given any axis of reflection) 
is essentially a discrete operation: rotation and displacement are contin- 
uous operations. The group whose operator is reflection is the simplest 
of all non-trivial discrete groups: for if we reflect and then reflect again 
we are back where we started: that is, the essential structure of the group 
is given by 

RI 
where ‘R’ stands for the operation of reflection and ‘J’ stands for identity. 
It is evident that this group has the fewest possible basic elements and 
the simplest possible structure, except for the group whose sole member 
is the identity operator, which is trivial. The operations of rotation and 
displacement are both continuous: they differ in that if we rotate far 
enough we come back to where we started? whereas we can displace 
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further and further without ever coming back. Rotation is a cyclic con- 
tinuous group, displacement a serial continuous group, and these again 
are the simplest and most fundamental kinds of continuous group. We 
can define Projective, Affine and Elliptic Geometry (but not Hyperbolic 
Geometry at all easily) in terms of other groups, but these other groups 
are less simple and fundamental than the one based on reflection, rotation 
and displacement. And therefore Euclidean Geometry, which is invariant 
under the group based on these three operators, is, from a purely formal 
point of view, pre-eminent. 

The appeal of the theory of groups is not, however, purely formal. 
We see things reflected in mirrors: we see things from different sides and 
turn them round; and we both ourselves move, and move other things. 
If we did not pick out properties that were invariant under reflection, 
rotation and displacement, we should be unable to recognise as the same 
what we see in a mirror and what we see when we look direct, what we 
see from one side and what we see from the other, and what we see from 
afar off and what we see from nearby. And if we did not pick out properties 
that were invariant under rotation and displacement, we could not form 
the concept of a material object, something we can push around without 
affecting its properties. 

The first argument is somewhat Kantian, although interestingly 
opposed to recent interpretations of what Kant actually said. Ewing (1938) 
and Strawson (1966) have attempted to save Kant’s account of geometry 
by maintaining that it is a priori true at least of phenomenal geometry— 
the geometry of our visual experience—that it is Euclidean. But this is 
just what the geometry of appearances is not. Let the reader look up at the 
four corners of the ceiling of his room, and judge what the apparent 
angle at each corner is; that is, at what angle the two lines where the 
walls meet the ceiling appear to him to intersect each other. If the 
reader imagines himself sketching each corner in turn, he will soon 
convince himself that all the angles are more than right angles, some 
considerably so. And yet the ceiling appears to be a quadrilateral. From 
which it would seem that the geometry of appearances is non-Euclidean, 
with the angles of a quadrilateral adding up to more than 360°. And so 
it is; but it does not worry us, because we never think of it, hardly ever 
notice it. It is quite difficult to elicit from a man the answer that the angle 
appears to be more than a right angle. Asked simply what the angle seems 
to be, he will say, immediately and simply, ‘A right angle, of course’. 
For the geometry of appearances is, almost, untalkable about. If we are 
talking to each other, we are necessarily occupying different positions, 
from which things characteristically appear differently. In particular, 
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apparent angles, except those placed symmetrically between us, will 
appear different. Therefore we cannot refer to apparent angles and 
apparent shapes, except by artifice and subsidiarily. We must talk not 
about the elliptical appearances of the penny, whose eccentricity is differ- 
ent for speaker and for hearer, but about the round reality, which is 
equally circular for both. We have to talk about the real shape, not the 
apparent shape, meaning by ‘the real shape’ that which is invariant as 
between all likely speakers and hearers; invariant, that is, under trans- 
‘formations of the Euclidean group. 

Shape must be a primary quality. It is different with colour. The 
colour of objects—apart from a few such as those made of shot silk— 
does not vary with the point from which they are viewed. The only 
external circumstance which affects colour is illumination, and this 
varies characteristically (for stone-age man, at least) only slowly with 
time. In the course of any one conversation, the illumination will be the 
same for both throughout. Therefore both speaker and hearer can talk 
about apparent colours. It was not necessary (until the invention of arti- 
ficial lighting) to make much distinction between colours as they appeared 
to be and colours as they really were. Colours could afford to be secondary 
qualities, in a way in which shapes could not. 

So great is the pressure that the necessities of communication exert 
on our minds that not only do we have to talk about real shapes rather 
than apparent shapes, but we see them. Psychologists have discovered 
‘The Phenomenal Regression to the Real Object’ (Thouless (1931), 
Gibson (1950), Zangwill (1950), Woodworth (1963)); even when we try 
to concentrate on apparent angles or apparent shapes, our eyes see them 
more as they really are. Although the penny looks elliptical, if we are 
asked to choose from a selection of ellipses of varying degrees of eccen- 
tricity the one that most closely matches the apparent shape of the penny, 
we choose an ellipse which is less elliptical and more round than the 
retinal image of the penny is. Even when we try not to, we re-interpret 
the visual stimuli as seeming to be something more invariant than they 
actually are. We cannot be phenomenalists even when we try, but are 
naive realists at heart, and cannot help attending to those features that 
are invariable from place to place and person to person rather than those 
that are variable and subjective. The psychologists bear Kant out: the 
objectivity of the world is, in part at least, imposed by us, in that we choose 
to notice just those features that are objective—that is, invariant. 

Not only as spectators do we need to be Euclidean, but even more so as 
agents. We could not be agents if we were floating among amorphous 
clouds; and in fact if we are to conceive of a stable world in which we can 


8 F.R. Lucas 


make more or less permanent alterations, we shall want it to preserve 
Euclidean invariances. Helmholtz (1876) was attempting to make this 
point in his axiom of Free Mobility: but his expression of it was open to 
the objection of Land (1877) and later of Russell that in basing Euclidean 
Geometry on the notion of rigidity, he was basing Geometry on Mech- 
anics and putting the cart before the horse. “What is meant by the non- 
rigidity of a body?’ asks Russell (1897) and answers ‘We mean, simply, 
that it has changed its shape. But this involves the possibility of comparison 
with its former shape, in other words, of measurement. In order, there- 
fore, that there may be any question of rigidity or non-rigidity, the measure- 
ment of spatial magnitudes must be already possible. It follows that 
measurement cannot, without a vicious circle, be itself derived from 
experience of rigid bodies.’ The objection is a fair one, against any attempt 
to build up a theory of space in terms of rigid measuring rods. And 
since Russell wrote The Foundations of Geometry, we have learned to be 
even more chary of assumptions about rigidity. But Euclidean Geometry 
need not be seen as the consequence of there actually being perfectly 
rigid bodies but as the pre-condition of its being conceptually possible for 
bodies to be more or less rigid. Measuring rods may or may not be rigid 
in the event: but there would be no sense in even thinking of using them 
unless we thought within a geometry in which there could be objects 
whose geometrical properties were unchanged by rotation and displace- 
ment. With rigidity, as with shape, Euclidean Geometry provides the 
only ecological environment in which it is a viable concept. 

I have tried to show how Euclidean Geometry is a condition of our 
experience as passive spectators, as active—or at least mobile—spectators, 
and as agents. It may be felt that this somewhat Kantian enterprise is 
still unsatisfactory—perhaps contaminated, in some obscure way, by 
psychologism. I therefore turn to an entirely different justification of 
Euclidean Geometry, which requires no Copernican revolution, and which 
would appeal as much to a Platonic Deity contemplating the Forms as to 
any sublunary philosophers conscious of the fact that they have eyes and 
hands. 

The culmination of Euclid’s first book of Elements is the proof of 
Pythagoras’ Theorem in I.47. His proof is not easy. He was not able to use 
the much simpler proof, depending on similar triangles, because he did 
not have an adequate theory of proportion, which we, thanks to Cantor and 
Dedekind, do have. Correspondingly, the reverse chain of argument from 
Pythagoras’ Theorem to the axiom of parallels is somewhat cumbersome, 
but if the reader will take on trust that the Wallis-Saccheri axiom ‘There 
exist two unequal triangles with equal angles’ is equivalent to the axiom of 
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parallels, then the following proof should convince him that so also is 
Pythagoras’ proposition. Suppose we are given Pythagoras’ proposition 
as an axiom, and all the axioms of Euclidean Geometry except the axiom 
of parallels. Let ABC and ABD be two isosceles right-angle triangles, 
with right angles at B. Then CBD is a straight line, and Z ACB = 
ZLADB = /CAB. By Pythagoras AC? = AB?+BC® AD? = AB?+ BD? 
„. AC?4 AD? = BC*+ BD*+2AB* = CD*; ../CAD is a right angle; 
“. ACAD and AABC are equiangular, but of different sizes; which is 
Saccheri’s postulate, and from which the ordinary axiom of parallels can 
be proved. 


c B D 

We thus can regard Pythagoras’ proposition as the distinctive feature 
of Euclidean geometry, instead of the axiom of parallels, It seems a much 
more fundamental one. It connects the concept of distance with that of a 
right angle—orthogonality—and it does so in the simplest possible way. 
If we have any metrical space of more than one dimension we are faced 
with the problem of how to combine measures in different dimensions: 
if a place is three miles East of us and four miles North, what distance is to 
be assigned to the direct route? A straight addition rule (i.e. one which 
would give the answer ‘seven’) would be tantamount to a reduction to 
only one dimension of measurement. A ‘squares’ rule is the next simplest, 
and fulfils all the conditions we require of any rule for combining measures. 
In particular, it has the merit (which it shares with the formulae of the 
fourth, sixth and eighth degree) of obliterating distinctions of sign—three 
miles East and four South will be five miles away just the same as three 
miles East and four North—which suits the essentially non-negative 
nature of the concept of distance. Other rules could be adopted, might 
even be forced on us: but if we have the chance of adopting the Pythagorean 
rule, no further justification is needed. Mathematicians investigating 
differential geometries, which are not Euclidean, take care to posit none- 
theless that they are “Locally Euclidean’, that is to say that 

ds? = dx? +dx2+...-+dx? 

The concession, though indeed on a small scale, could hardly be larger. 
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More fundamentally, we could defend the Pythagorean rule as being 
the simplest case of Parseval’s Theorem. Parseval’s Theorem is concerned 
with the Fourier expansion of functions (satisfying certain conditions of 
boundedness or measureability) in terms of cosine and sine functions. 
The Fourier expansion is 


oo an 
f(x) = 3a,+), an cos nx +), bn sin nx 
am] n=l 


a, and bn are known as the Fourier coefficients, and are given by the 
equations 


a, = Au f(y) cos ny dy 
bn = 2" fly) sin ny oy 


a, and bn are thus independent of x, though determined, of course by f. 
. Parseval’s Theorem then states 


a |” Aae = 408+ S (at +62) 


provided that in the interval [0,27] f(x) is measurable and (f(x))* is integ- 
rable. 

The Fourier expansion shows how a function f(x) may be plotted in a 
‘phase—space’ in terms of its Fourier coefficients—its ‘co-ordinates’— 
and a set of fundamental functions—‘the axes’ of the space. It will be a 
‘space’ with a denumerably infinite number of dimensions, corresponding 
to the basic functions cos nx and sin nx (n=0, 1, 2,...), and every function 
will be represented by a set of values for a,@,,5,,@2,b,,... And then 
Parseval’s Theorem shows that the integral of the square of the function, 
which we might regard as the square of the vector representing the 
function in phase-space, i.e. the square of the distance from the origin 
to the point (a, Gn di, ag, bg, . ..) is (barring slight terminological 
difficulties with the first term) the sum of the squares of the co-ordinates. 
It is a result entirely uncontaminated by geometrical intuition. The 
notion of space is an entirely abstract one of independent parameters; 
the basic trigonometrical functions can be defined exponentially; measure 
theory is purely analytical. So that a mathematician who was so pure as 
never to descend into geometry, and who had never heard of Euclid or 
Pythagoras, would still want to have a Pythagorean rule in Hilbert space, 
and still pay his respects to Euclidean orthodoxy. 


Merton College Oxford 
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Ramifications of ‘Grue’ 


by MARY HESSE 


‘ “Grue” applies to all things examined before T just in case they are 
green, but to other things just in case they are blue.’ Now consider the 
two hypotheses ‘All emeralds are green’, ‘All emeralds are grue’. Each 
is supported by the same evidence before 7, for all emeralds observed 
have in fact been green before T and therefore grue. By induction by 
simple enumeration of positive instances both hypotheses are equally 
supported. But they yield different and contradictory predictions after 
T, and we should have no hesitation in accepting the prediction of the 
first rather than the second. Therefore in any adequate inductive theory 
they ought not to be regarded as equally supported. In Goodman’s 
terminology, we ought to be able to show that ‘green’ is more projectible 
than ‘grue’. 

Goodman’s puzzle has the characteristics of many really interesting 
philosophical problems, that its statement is deceptively simple; that many 
have claimed it is a pseudo-problem; and that even in the course of trying 
to show this, it is found to involve increasingly deep and complex issues. 
The literature is now enormous, and reading it resembles traversing a 
many-forked road system in which the place one arrives depends on a 
variety of decisions taken at earlier forks about the significance of various 
features of the puzzle. For example, the question of the time-reference 
has been thought crucial by some, but irrelevant by others. ‘Are green’ 
has been tacitly interpreted as ‘looks green’ by some, and this inter- 
pretation rejected by others as irrelevant or meaningless or both. To add 
to this extensive literature certainly requires apology; my excuse is that 
I hope to make more explicit some principles which any solution ought to 
conform to, and that I shall try to show a relation between this problem 
and the even more teasing one of ‘meaning variance’ between different 
theories. 

In order to arrive anywhere in a finite time, I shall begin by ruthlessly 
blocking some of the branch roads where I take it that discussion has 
sufficiently shown them to lead nowhere. Thus I am at one with Goodman 


‚Received 1 October 1968 
1 Goopman, N. (1965) Fact, Fiction and Forecast. 2nd ed. Indianapolis. p. 74. 
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and his supporters in believing that the time (or indeed any other positional) 
reference cannot in itself be used to derive a difference of projectibility 
between the two predicates. I shall not argue this further. Also I propose 
to regard the problem, as Goodman does, as the new problem of induction, 
where both italicised components are important. The problem is new 
because it does not demand that we show that inductive inferences must 
be true or even probable. What it does demand is that we describe fully 
those inductive inferences we do in fact make, and uncover their pre- 
suppositions. In this context this means that we must describe the asym- 
metry of ‘green’ and ‘grue’ which makes ‘green’ projectible and ‘grue’ not. 
On the other hand, the problem is about induction, and this means that 
the asymmetry, if it can be discovered, must be of a kind that can be 
accepted as relevant to the expectation that one or other prediction is 
true. Thus, clearly, mere verbal difference between ‘green and ‘grue’ is 
not a relevant asymmetry, nor are some more subtle asymmetries detected 
in the literature. I shall take it without further argument that detection 
of difference of simplicity in the predictions would be a relevant asymmetry, 
so long, of course, as it can be shown in the context that simplicity is well- 
defined. More could be said about the relation of simplicity to induction, 
but it will have to be sufficient here to appeal to the very general practice 
of adopting the simpler of two conflicting hypotheses, all else, including 
degree of support by evidence, being equal. Moreover, prediction of 
change will be taken to be less simple than prediction of no change, on 
the principle that change requires further explanation, and absence of 
change does not. 


PRINCIPLES OF SOLUTION 


I shall now suggest two principles which I take to be essential to any 
satisfactory solution of Goodman’s puzzle, and which have not always 
been accepted in discussion of it, but which will play a crucial role in what 
follows. 

(A) In order to generate a puzzle about induction at all, the language 
describing the present evidence must not be merely verbally different, 
but must yield predictions which are both genuinely different, and diff- 
erent in respects which the ‘green’ and ‘grue’ speakers (who will be called 
‘Green’ and ‘Grue’ respectively) can explain to each other and agree to 
be different. For it must be assumed that the results of a test of their 
respective predictions after T can be agreed upon, and that if the green 
and grue hypotheses are assumed the only alternatives, one or other of 
them but not both will then be agreed to be correct, and the other to be 
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mistaken. That is to say, whatever it is that Green and Grue predict 
before T, it must be the case that after T, in either language, the true 
description of what has in fact happened agrees with either Green’s 
prediction or Grue’s but not both, and that this can be known to both 
Green and Grue. 

The puzzle arises from the fact that the evidence is the same; the 
predictions are objectively different (‘objectively’ because different in 
either language); but the predictions appear to be statable in terms which 
are symmetric in both languages, for example not obviously simpler in 
one than the other. 

(B) The second principle to be satisfied by any interesting solution 
follows from these considerations. It is that the problem should be shown 
to be soluble in its strongest form, and that since the solution is to be sought 
by finding asymmetries in the predictions of Green and Grue, it should 
not be set up in such a way as to introduce needless asymmetries into the 
definition or interpretation of the problematic predicates. This may seem 
trite, but as we shall see it has been violated by some suggested solutions. 

Goodman’s own claim is that no relevant asymmetries between the 
predicates can be found short of the pragmatic difference of actual his- 
torical entrenchment of predicates in the language. He therefore suggests 
entrenchment as the criterion of projectibility. I shall argue that Goodman’s 
conclusion is in principle correct, but that examination of possible asym- 
metries has not been carried nearly far enough. Pressing this line of 
attack more strongly reveals that the puzzle is a real one, but that we are 
only rarely in a situation in which it actually arises. Most of the time 
some relevant asymmetries short of entrenchment can be found to justify 
choice between the competing predictions. 


THE DEFINITION OF ‘GRUE’ r 


Several different versions of Goodman’s original definition are to be 
found in the literature. Any definition which is to generate the puzzle in 
conformity with principle (B) must not introduce trivial logical asym- 
metries relevant to the solution of the puzzle, and it must in addition be 
perfectly clear what predicate is being defined. If these two conditions 
are satisfied it matters little which version we adopt, for the subsequent 
discussion will be easily adaptable to fit other acceptable versions. I 
shall adopt the type of definition originally due to Barker and Achinstein, 
and recently clarified by Blackburn,’ which does not involve the notion 


1 BARKER, S. F. and AcHINSTEIN, P. (1960). On the new riddle of induction, Phil. Rev. 
69, 511; and BLACKBURN, S. W. (1969), Goodman’s paradox, in Studies in the Philosophy 
of Science. Ed. N. Reacher, forthcoming. It should be noticed that Goodman does not 
object to Barker and Achinstein’s amendment in his reply following their paper (p. 523). 
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of ‘being examined’ that appears in Goodman’s original version. Black- 
burn’s amended definition is: 

At any time ¢, a thing x is grue at ¢ if and only if 

(t<T > x is green) and (t>T > x is blue). 
This allows a perfectly symmetrical definition of ‘green’ in terms of ‘grue’ 
and ‘bleen’ as follows: 

At any time £, a thing x is green at tif and only if 

(t<T > x is grue) and (t>T > x is bleen). 

In this interpretation it is made explicit that colour predicates are applied 
to things at a given time, and no assumption is built into the definition 
about persistence of the colour of a given object. After all, we are perfectly 
familiar with the idea that green is not projectible of beech leaves after 
15 October. The definition is, however, still not nearly clear enough to be 
starting point of the puzzle, because we have not yet indicated how it 
satisfies principle (A). 

Before 7, Grue has the same evidence as Green, and I shall assume at 
first, in conformity with (B), that they express this evidence in languages 
which differ only in two descriptive predicates, namely ‘grue’ replaces 
‘green’, and ‘bleen’ replaces ‘blue’ wherever these predicates occur in 
describing the evidence. I also assume that both agree that all these 
predicates are names of colours. In accordance with (A) predictions made 
before T about green and blue objects after T must be not only different, 
but understood by both speakers to be different in agreed respects. It is 
at this point that the definition of ‘grue’ and its companion definition of 
‘green’ need to be supplemented. What is it that Green understands 
Grue to be predicting? The obvious answer is ‘that emeralds will change 
colour at T’. But if this is also what Grue agrees that he is predicting 
(and remember we are assuming so far that all the rest of his language 
is the same) then symmetry is immediately violated, because Grue is 
predicting a change where Green predicts none. So in the absence of other 
evidence Green’s prediction is the simpler.! 

To preserve (B) we must therefore adopt the opposite assumption that 
both Green and Grue commit themselves in their respective predictions 
to ‘Emeralds remain the same colour after 7”. How can this assumption 
1 Suggested solutions in which this asymmetry is introduced are to be found in Barker 

and Achinstein (1960); SMALL, K. (1961) Professor Goodman’s puzzle, Phil. Rev. 70, 
544; SaLmon, W. C. (1963) On vindicating induction, Induction. Ed. H. Kyburg and 
E. Nagel, Middletown, Conn. p. 27; BUTLER, R. J. (1965) Messrs Goodman, Green and 
Grue, Analytical Philosophy. Ed. R. J. Butler, Oxford, p. 181; THomson, J. J. (1966) 
Grue, J. Phil. 63, 281 and (1966a) More grue, ¥. Phil. 63, 780; and Blackburn (1969). 
Replies by Goodman to this move immediately follow the Barker and Achinstein paper 


and Thomson’s first paper; J. S. Ullian replies in (1961) More on ‘grue’ and grue, 
Phil, Rev. 70, 386. 
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be made consistent with principle (A)? Look at it first from Green’s point 
of view. He predicts that emeralds remain green, and that they remain 
the same colour. He understands that Grue predicts that emeralds remain 
grue and that they remain the same colour. He therefore expects that, 
after T, his prediction will be vindicated, and Grue will be forced to admit 
a mistake. According to Green, Grue will say “That is very strange, I see 
that emeralds have become bleen. They have changed colour’. Green 
knows that he honestly and diligently reports his experiences, and so 
according to the symmetry required by (B) he must assume that Grue’s 
reports are likewise honest and diligent. Green can therefore only con- 
clude that in this situation which his own prediction commits him to 
expect, Grue will have either 


(a) misremembered ‘what grue looked like’ (for, of course, before T 
Green assumes it must have ‘looked like’ green, even to Grue), or mis- 
remembered the ‘meaning of grue’, so that Grue admits a change of 
colour where in Green’s experience there is none, or 


(b) Grue will have inexplicably suffered a physiological change at T, so 
that an object whose colour remains ‘objectively’ (according to Green’s 
claim) the same, now ‘looks different’ to Grue. 


(There is perhaps no need to distinguish the possibilities (a) and (b) for 
what is ‘misremembering’ other than a physiological change?) 

I now request the reader to start with the sentence ‘Look at it first from 
Green’s point of view’ and check that by mutual replacement of ‘Green’ 
by ‘Grue’, ‘green’ by ‘grue’, and ‘blue’ by ‘bleen’, the account of the last 
paragraph is entirely symmetrical for Grue and Green. Both of them 
understand one another’s situations perfectly, and know what will settle 
the argument after 7. What they do not of course know is which of the 
different expectations described will in fact come to pass after T. It is 
extremely important to remember throughout the discussion that the 
asymmetry must be found, if at all, in predictions made before T, although 
they are predictions about what is expected to happen after T. So which 
prediction is most reasonable, given that both are still symmetrical? 
The excursion into ‘change of colour’ has left the original puzzle untouched. 


OBJECTIVE TESTS OF ‘GRUE’? 

It may be remarked at this point that in the description of Green’s 
expectations there certainly is essential reference to some kind of change, 
though not to the change of colour of an object. Green expects an in- 
explicable change in Grue’s reports of his experiences. This is entirely 
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symmetrical with Grue’s expectation with regard to Green and so cannot yield 
directly a solution of the puzzle. But it does prompt the question of what 
exactly has been shown by developing the symmetrical situation involved 
in the prediction on both sides that there will be no change of colour. 
Suppose that Green, being, symmetrically with Grue, a troubled and 
intelligent fellow, pursues this point: 


Green: We have been assuming up to now that all our predictions other 
than those about green and blue objects are identical. But if this is so 
then we haven’t shown that our predictions about the colours of objects 
really differ as is required by principle (A). All we have shown is that the 
colours will ‘look different’ to one or other of us, according to which of 
our predictions is fulfilled. It does not follow from this that we are commit- 
ted to disagreeing about what the colours of objects actually are. If I am 
right, I shall assume you have suffered an inexplicable breakdown, and 
conversely if you are right. But your (or my) breakdown of memory or 
perception can be corrected by objective tests of colour. Only if there is a 
real difference between us here will the puzzle be a serious one. Now I 
will try to show that if your prediction really differs from mine about 
objective colour, it is bound to be more complex than mine. 

Grue: How so? 

Green: We must first agree upon a test for objective colour which will 
not depend upon what objects ‘look like’. Can we agree that wavelength is a 
property related to colour which we both know how to measure, and both 
agree that we shall obtain the same result as each other from such a 
measurement whenever it is carried out? If so, the difference in our 
predictions required by (A) consists in you predicting that this object 
will change in the wavelength of light it reflects, while I predict it will not 
change. 

Grue: Wavelength as you have explained it to me in our previous 
conversations is indeed a property upon which both of us can agree at any 
time, and although I think it is a strange property to consider, in order 
to get the puzzle going in conformity with principle (A), I will agree that 
our predictions about it differ in the way you state. 

Green: Good. Then it is perfectly clear that your prediction is not sym- 
metrical with mine: it is more complex in predicting a change while mine 
does not. Simplicity does not of course guarantee success, but it provides 
a reason, and a reason generally acceptable to scientists, for distinguishing 
your prediction from mine, and, all other things being equal, for preferring 
mine. 


Grue: Not at all. Your claim of asymmetry does not follow. There are 
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other properties about whose measures we could agree at all times, and 
whose values you predict will change at T, while I do not. 

Green: I suppose you mean other artificial properties like ‘grue’? For 
example ‘wengthlave’, which I will define for you as the property of having 
the same value as the wavelength of green if the time is before T and as the 
wavelength of blue if the time is after T? 

Grue: No, certainly not, because I can see as well as you can that pre- 
dictions about this property cannot be stated symmetrically by me. Since 
we always agree about measures of wavelength, your proposed ‘wength- 
lave’ of grue has a different value before T and after T, whereas the wave- 
length of green has the same value before and after. No, the properties I 
am thinking of are not constructed ad hoc from your language, they are 
ordinary simple’ properties in my language, although of course I can 
define them for you in your language, otherwise we shall not.be able to 
agree upon a crucial test for our different predictions. For example, you 
are predicting a change in the kwell-measure of this object. 

Green: What on earth is that? 

Grue: It is very simple, although if you must have it translated into your 
language, of course it appears complex, just as ‘grue’ did. You would 
describe the kwell-measure as the number of electrons in this object if the 
time is before T, and the number of its neutrons if the time is after T. 
Green: But of course I expect this number to change at T. Why should it 
not? And in any case, what has this got to do with the colour of the object? 
Grue: Oh, that would be a long story. Perhaps if we could meet at the 
same time tomorrow I will expound my theory to you. 


Grue, of course, is bluffing. There is at the moment no alternative theory 
to Green’s about colour which is statable symmetrically with Green’s 
and which yields objectively different predictions after 7. To that extent 
Goodman’s puzzle is spurious. Even so, this dialogue draws attention to 
two important features of the puzzle which are frequently overlooked. 

First, it usually seems to be assumed that in its most interesting form the 
puzzle concerns ‘purely qualitative properties’ and not metric properties 
like wavelength, or even order properties like ‘next to yellow in the spec- 
trum’, which might equally well have been used in the above argument. 
But if only purely qualitative properties are involved, it is easy to slide 
into the assumption that ‘looks’ of such properties are sufficient tests of 
their presence, and that ‘looks’ do not need to be checked and possibly 
corrected by some application to objects of predicates upon which Green 
and Grue can agree. If this assumption is made, the puzzle becomes 
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trivial. No doubt it would be very disturbing to science if what people 
claimed to see when looking at green objects inexplicably changed, but it 
need not be disturbing to the physics of colours, so long as some predicates 
are still applied to objects in a manner about which there is agreement. 
It may be objected that the distinction between ‘looks’ and objective 
properties is a spurious one, because apparent changes in another man’s 
physiology could themselves in principle be checked by objective tests of 
his brain states, and that these tests could also be agreed upon by Green 
and Grue. But this objection only strengthens the argument, for it admits 
that it is not in the last resort people’s reports of ‘looks’ which decides 
what are to be taken as the objective colours of objects. In physics colours 
are usually checked by metric or order properties, but they may be checked 
by other qualitative properties, for example that chemical properties show 
the object to be a sample of Mn(SO,), crystals, and Mn(SO,), crystals 
are taken as the standard of objective green. The essential point is not 
whether the predicates to be projected are purely qualitative or not, but 
that they should be defined in accordance with principle (A). Principle 
(A) introduces a difference into the predictions of Green and Grue, and 
because all objective differences (unlike ‘looks’) are related in a network 
of physical laws with other objective differences, the differences must intro- 
duce asymmetries unless wholesale modifications of Green’s theory are 
assumed.! 

It may now be suggested that not all objective qualitative properties are 
associated in this way in a network of laws, and that this is what is assumed 
in Goodman’s statement of the puzzle. Perhaps his reference to a highly 
structured property like colour is accidental and unnecessary. Suppose 
then we replace colour predicates by predicates which enter no theory, 
such as ‘psycho-kinetic transmitter’ (PKT). Construct a grue-like pre- 
dicate ‘TKP’ of object x such that at t, a thing x is TKP at t iff (<T > 
PKT(x)) and (¢>T > ~PKT(x)). But with such an ‘unattached’ pre- 
dicate as PKT, about which we know very little, it is quite clear that not 
only would we be hard put to it to say what would count as evidence or 
crucial test in order to satisfy principle (A), but also that we should not 
know what to say about the legitimacy of the rival hypotheses ‘(#)(PKT(x))’ 
and ‘(x)(TKP(x))’. Goodman puzzles arise only in the context of pre- 


1 This aspect of the puzzle is pointed out but not pursued by HemreL, C. G. (1965) 
Inductive inconsistencies, in his Aspects of Scientific Explanation, New York, p. 53; 
Thomson (1966) p. 533; HULLETT, J. and SCHWARTZ, R. (1967) Grue: some remarks. 
J. Phil, 64, 269; and Kananz, H. (1965) Goodman’s entrenchment theory. Phil. Sci. 
32, 377. It is also tacitly presupposed by those who appeal to possible introduction of 
asymmetry via the prior probabilities of a confirmation theory, e.g. JEFFREY, R. C. 
(1966) Goodman’s query, 7. Phil. 63, 281; and SMOKLER, H. (1966) Goodman’s paradox 
and the problem of rules of acceptance, Am. Phil. Q. 3, 71. 
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dicates embedded in the language about which we have inductive in- 
tuitions. To be so embedded is to be related with other predicates in laws 
and theories which can be used to reinforce and sometimes correct 
applications of particular predicates. 

Secondly, it has often been claimed that such a wholesale difference 
in Grue’s theory as is required to preserve symmetry can always be con- 
structed by ad hoc and artificial introduction of more grue-like predicates 
into Green’s theory. This however is mistaken. It has already been argued 
that if the theory contains a predicate like ‘wavelength’ of which the numer- 
ical measure is agreed to be an objective test, there is no way of restoring 
symmetry without substantial modification of other aspects of Green’s 
theory. It may be thought, however, that the possibility of trivial ‘grui- 
fication’ of Green’s theory has not been pursued far enough. It may be 
suggested, for example,! that such a measure can be trivially produced by 
constructing a grue-like y-meter, which indicates the same value (the 
y-value) on its scale, say y, when measuring the wavelength of green 
before T, and the wavelength of blue after T. Then although Grue’s pre- 
diction implies a change of wavelength at T, it implies a constant y-value 
through T, whereas Green’s prediction implies constant wavelength and 
changing y-value. Thus symmetry seems to be preserved. But if we now 
consider how the y-meter is defined and constructed, we see that the only 
way we know of constructing it is by making a meter which measures wave- 
length, and then putting in a correcting device which switches the needle’s 
readings of green and blue wavelengths at T. Thus the description of the 
y-meter, and consequently the concept of the y-value, is less simple then 
that of the wavelength meter and the concept of wavelength value. The 
only way for Grue to avoid this asymmetry is to have an alternative theory 
in terms of which to construct and describe the y-meter as simply as Green 
describes his wavelength meter within his theory. This suggested trivial 
modification of Green’s system to preserve symmetry therefore fails, and 
we are led back to the requirement of a radically different theory which 
Grue has not revealed to us, and of which we know nothing. 

The general form of such attempts to save symmetry by trivial grui- 
fication of Green’s theory seems to go as follows: Every time Grue seems 
committed to prediction of a change at T which Green is not committed to, 
construct a grue-like predicate which does not change value in Grue’s 
prediction, but changes in Green’s. This can always be done by trivial 
definition using T and the predicates of Green’s theory. However, in 
order at some point to satisfy principle (4), there must be an end to 


11 owe this suggestion to a discussion at the Philosophy Colloquium of the University of 
Pennsylvania, and particularly to contributions by Professors Cornman and Grunstra. 
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this process at which at least one determinate value of a predicate express- 
ible in both languages cannot be so treated, namely that which Green and 
Grue agree they will agree upon when it is tested for after T. A predicate 
whose values thus count as a test as required by (A) is in the peculiar 
position of being necessarily the same predicate in both languages, because 
it is what is measured (or indicated if the predicate is not metric) by the 
same test set-up. (Of course, Green and Grue may call it by different 
names, but these will name coextensive predicates by definition, and hence 
be only verbally different). To mark the objective character of such 
test predicates let us call them O-predicates. One O-predicate, say O,, 
will be one which Green expects to be constant with green, and Grue 
expects to change, because we know of many predicates whose values 
remain constant with green which might be candidates for the test pre- 
dicate. The question is, can Grue preserve symmetry by constructing 
out of Green’s predicates another O-predicate (say O,) satisfying all of the 
following necessary conditions: (f) its value remains constant for grue 
objects at T, (if) Green and Grue can agree on its value before and after T, 
(tif) its place in Grue’s and Green’s systems is symmetrical with O,’s place 
in Green’s and Grue’s systems respectively. The answer is that no predi- 
cate constructed merely ad hoc to satisfy (i) and (fi) can satisfy (tif), for the 
following general reason: Og, since it is an objective predicate by (#), is 
also in Green’s language, and in Green’s predictions it must be expected 
to change value at T for green objects. But there is no such predicate 
already available in Green’s system if this is our physics of colour, and 
any predicate constructed ad hoc by Grue therefore cannot have as simple 
a relation to Grue’s and Green’s systems as O, has to Green’s and Grue’s 
systems, just because it was constructed ad hoc out of Green’s system, 
whereas O, was not so constructed out of Grue’s system. Notice that al- 
though it was claimed by Grue in the dialogue that ‘wavelength’ was not 
initially available in his system, he agreed that it had been explained to him 
in an objective manner by Green, and this was not by definitions in terms 
of Grue’s predicates, but by some method such as showing him a wave- 
length meter. The problematic O,, on the other hand, cannot be explained 
to us by Grue unless he has a radically different theory from our 
physics. 

This is not a knock-down argument against the possibility of some local 
and relatively closed regions of physics where some grue-like transform- 
ations may yield alternative, symmetrical sub-theories, and genuinely 
different predictions. But if there are such cases it is unlikely that the 
ambiguity of prediction would offend our inductive sensibilities. They 
would just be cases of alternative sub-theories with equal inductive 
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support, where we do not know which prediction to consider most reason- 
able. What the above argument does show is that with regard to colour- 
predicates, and no doubt to any other set of alternative hypotheses where 
we have equally strong intuitions, our inductive expectations can be 
explicated by the absence of a grue-like alternative symmetrical theory. 
We must conclude that Grue cannot provide this by trivial construction 
from Green’s theory. 


MEANING VARIANCE AND ENTRENCHMENT 


Unless Grue has some such long and non-trivial story available Goodman’s 
puzzle in practice is spurious. However, genuine examples of the puzzle. 
may perhaps be found in the context of clashes between radically different 
fundamental theories such as have been discussed in connection with the 
‘meaning variance’ dispute. Whether there have ever been any pairs of 
such fundamental theories which could be stated symmetrically as re- 
quired by the puzzle is doubtful, but is in any case a historical question. 
What Goodman has shown, and it is a fundamentally important insight, 
is that if there were such pairs of conflicting theories, they would be 
confirmationally incommensurable. Each theory would determine its 
own list of primitive predicates, and hence the prior probability dis- 
tribution obtained by symmetry of primitive predicates, and consequent 
comparison of the posterior confirmation even on the basis of the same 
evidence, would be worthless. Consider again the situation of Green and 
Grue, and suppose now that Grue has his radically different theory, but 
that he has been brought up in the same language-community as Green, 
and has therefore learnt all his descriptive terms, including ‘green’ and 
‘blue’, in the same way as Green. In other words, whenever Grue des- 
cribes already examined evidence he uses the words ‘green’ and ‘blue’ 
whenever Green does. But, of course, he ‘means’ by ‘green’ what we 
previously defined him to ‘mean’ by ‘grue’, because all his predictions 
and his confirmation theory correspond to the grue-theory. We might well 
say this is a case of radical meaning-variance between the two theories, 
because terms used in common in ordinary descriptive talk yield quite 
different inferences, and hence are clearly being used ‘in different senses’ 
depending on which theory is presupposed. In so far as the puzzle about 
meaning variance is a puzzle about incommensurability of theories with 


1 Initiated in FEYERABEND, P. K. (1962) Explanation, reduction and empiriciem, Minnesota 
Studies in Philosophy of Science Vol 3. Ed H. Feigl and G. Maxwell. Minneapolis, p. 28, 
in reply to Nace, E. (1961) The Structure of Science, New York. 
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respect to confirmation and testing, it is identical with the non-trivial 
form of Goodman’s puzzle.! 

It must be concluded that when Goodman’s puzzle is genuine it is 
insoluble, but its ‘solution’ in practice lies in the fact that our inductions 
rarely involve such fundamentally conflicting theories, and when they do 
it is even rarer to find the theories perfectly symmetrical in all relevant 
respects. If the true context of the puzzle is to be found in fundamental 
theory-conflict, it seems that Goodman’s own pragmatic solution in 
terms of ‘entrenchment’ of predicates is misleading. His suggestion is that 
predicates are inductively projectible in proportion to the number of 
times they, or predicates extensionally equivalent to them, have actually 
been projected in generalisations and predictions in the past (p. 94 ff). 
By ‘extensionally equivalent predicates’ must be meant, of course, pre- 
dicates giving the same predictions, not predicates extensionally equivalent 
only with respect to past descriptions, because this would not distinguish 
‘green’ from ‘grue’. Goodman denies that this makes entrenchment 
equivalent to familiarity, or that it forbids introduction of new predicates, 
because newly introduced predicates may be extensionally equivalent 
to old ones.? He develops some further properties of entrenchment to deal 
with newly introduced specific predicates and hypotheses which inherit 
entrenchment from old hypotheses (‘overhypotheses’) of which they are 
special cases. There appears to be some doubt whether his detailed criteria 
for elimination of less entrenched predicates and hypotheses in this wider 
sense can be made to work,® but even if they can, it seems that appeal to 
entrenchment involves general assumptions about the historical sequence 
of theories which are not necessarily acceptable. 

Consider once more the situation of Green and Grue, and suppose that 
they do indeed have equally supported comprehensive theories which 
give genuinely different predictions about whose crucial tests they can 
agree. We may assume that Green’s predicates and hypotheses (that is, our’s) 
are in fact better entrenched according to all Goodman’s criteria, because 
if Grue’s theory is radically different from Green’s there is no guarantee 
that it inherits from Green’s theory any considerable entrenchment even 
of ‘overhypotheses’. (Did Newton’s theory inherit any such entrenchment 
from Aristotelian physics?) Now it does not at all follow that Green’s 


1 Although if the meaning variance problem is taken also as a problem about incommen- 
surability of meaning or non-translatability (cf. Feyerabend (1962); Kunn, T. S. (1962) 
The Structure of Scientific Revolutions, Chicago; Quine, W. v. O. (1960) Word and Object, 
New York), it is ‘deeper’ than Goodman’s puzzle. Green and Grue have no translation 

problems, only inductive ones. 

»°... we must continue to be on guard against throwing out all that is new along with 
all that is bad’ (p. 97). 

* Kahane (1965); TELLER, P., Goodman's theory of projection, forthcoming. 
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theory should be preferred to Grue’s merely because it is better entrenched, 
because other considerations should certainly be given priority over 
entrenchment. It is in fact inconceivable that such a pair of theories could 
ever be said to be symmetrical in all the respects required for a non- 
trivial statement of Goodman’s puzzle. Thus appeal to entrenchment 
should never be necessary, and to put emphasis upon it without investigat- 
ing the full theoretical ramifications of the puzzle itself, is to betray an 
unacceptably restricted and conservative view of the progress of science. 
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The Relevance Criterion of Confirmation 
by J.L. MACKIE 


The relevance criterion of confirmation is the principle of which the basic 
form is that an hypothesis (k) is confirmed by an observation (b) in 
relation to a body of background knowledge or belief (k) if and only if what 
is observed would have been more likely to occur, given the hypothesis 
together with the background knowledge or belief, than it would have 
been given that background knowledge or belief alone. Formally, b 
confirms A in relation to k if and only if Pr(b,k.h)>Pr(b,k). In an earlier 
article (Mackie, 1963) I called this the inverse principle, and argued that 
reliance on it is implicit within various types of solution that have been 
suggested for the paradox of the ravens. Mr Hooker and Mr Stove have 
more recently (Hooker and Stove, 1967) given convincing reasons for 
calling it, instead, the relevance criterion, showing that it can be traced 
back to what Keynes called the ‘favourable relevance’ of an hypothesis 
to an observation statement. 

I shall refer to this basic form of the criterion as C; there are several 
possible extensions and developments of it. Thus there are two comparative 
forms, C, and C, as follows. 

C: Of two possible observations b, and b, each of which would con- 
firm hin relation to k, b, confirms h better than b, if and only if the 
adding of A to k raises the probability of b, more than it raises the pro- 
bability of b,. 

C,: Of two alternative hypotheses A, and A,, each of which would be 
confirmed by 5 in relation to k, h, is confirmed better than A, by b if and 
only if the adding of h, to k raises the probability of b more than the adding 
of h, to k does.! 


Received 10 September 1968 
1 These may be stated more formally as follows: 
C,: 5, confirms A in relation to & better than b, if and only if 
l Pr(bu,k.h) _ Pr(öu,k.h) 
Pr(i,,k)  Pr(bu,k) 


C,: k; is better confirmed than h; by b in relation to k if and only if Pr{b,k.h,) >Prfb,k.h,). 
The latter inequality is, of course, equivalent to one in which both terms are divided by 
Pr(b,k). Reasons are given later for choosing the formula suggested here for C}. 
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Also, various measures of the degree of confirmation have been suggest- 
ed which presuppose and incorporate this criterion.! 

C does not entail C} or Cy, nor does either of them entail the other; 
but each of them, in conjunction with some very obvious considerations, 
entails C. For, given C,, an observation bọ confirms A minimally if the 
adding of k to k raises the probability of bọ minimally, and we can regard 
zero confirmation as the limit where the adding of h to k does not raise the 
probability of by at all; then b confirms & in relation to k if and only if it 
confirms A better than bọ does, that is, if and only if the adding of k to k 
raises the probability of b. Thus C can be derived from C,, and it can be 
derived by a similar argument from C}. 

One of the suggested measures of degree of confirmation? is equivalent, 
a) It is clear that both C, 
and C, are entailed by this measure, which also directly entails C (since 
only if C is satisfied will the value of this measure be positive). And the 
same holds for most of the other proposed measures. 

It is also clear that to prefer one hypothesis to another on the ground 
that it has greater ‘likelihood’, in Fisher’s sense, is to use Cg, since for 
Fisher the ‘likelihood’ of h on evidence b is Pr(b,h). (Fisher, 1959, pp. 66-9. 
Everywhere else in this article J am using the words ‘likely’ and ‘likelihood’ 
in their ordinary, non-technical sense, not in Fisher’s; that is, I use ‘likely’ 
simply as an informal equivalent of ‘probable’; a proposition is likely if 
it is reasonable to believe it, an event if it is reasonable to expect it.) 

It is also clear that, as Hooker and Stove admit, this criterion is plausible 
and has, in one form or another, been widely proposed and accepted. 
But, they say, ‘...it is not more [plausible] than many other theses 
which philosophers treat with deep distrust, and for which they demand 
arguments’ but arguments for this criterion ‘are nowhere to be found, 
as far as we know’; and they go on to suggest some arguments against it 
(Hooker and Stove, 1967, pp. 10-11). I shall sketch some arguments in 
its favour, which will at least show why and where it is plausible, and also 
examine some of the objections. 


in the symbols used here, to 


1 Henry E. Kyburg Jr. (1964, p. 257), tables the measures of corroboration or evidential 
power proposed by seven philosophers of science, and comments: ‘All of the proposed 
measures turn out to be directly proportional to either the difference between the 
probability of the evidence s on the hypothesis A and the prior probability of e, or the 
difference between the probability of the evidence on the evidence [sic] k and the probab- 
ility of e on the denial of k, and almost all the measures are inversely proportional to the 
prior probability of e.’ 





Pr(o/h) 


* Proposed by Finch, quoted by Kyburg in the form Pr(o) 
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In fact some arguments have been given for it. Sir Karl Popper, for 
example (1959, pp. 388-9) when introducing a form of this criterion, 
argues that the corroboration of x by y would most obviously be measured 
by y’s increasing the probability of x, that we cannot use this because 
where x is a universal theory its probability remains zero, but that we can 
get over the difficulty by using instead what normally goes along with y’s 
increasing the probability of x, namely x’s increasing the probability of y. 
And later (pp. 399-402) when Popper defines his more elaborate functions 
E(x,y) and C(x,y)}—which, as he says (p. 410) are only different ways 
of ‘normalizing’ the formula P(y,x)—P(y)—the justification he offers is 
that they satisfy various desiderata, of which the most important rest 
upon his discursive arguments about the aims of science. 

Of these two arguments of Popper’s, however, the first seems weak and 
the second, being complex and indirect, may be open to various objections. 
The relevance criterion can be defended more directly. 

The paradigm case of confirmation is the confirmation of a scientific 
hypothesis by an experimental test. In its simplest form, an experiment 
is set up in such a way that, given various propositions that are already 
accepted, it is to be expected, if the hypothesis is true, that when this 
experimental procedure is carried out a certain result will be observed. 
Here what we can call the background knowledge or belief k includes both 
already-accepted propositions of several kinds (usually everyday inform- 
ation, the results of mathematical calculations, and already-established 
scientific theories) and the statement that there is here such-and-such an 
experimental set-up and procedure. The conjunction of this k with the 
hypothesis A entails that the expected result will be observed here, i.e. k.h 
entails the observation statement b, so that Pr(b,k.h)=1. But it is also 
essential, if the actual making of this observation is to confirm A, that this 
result was not to have been expected apart from the hypothesis. If other 
already-established statements, together with that describing the ex- 
perimental set-up and procedure—and this can include the behaviour 
and reactions of the experimenter and his assistants—had entailed, 
without the help of the hypothesis, that this same result would have been 
observed, then the actual observation of this result would not have con- 
firmed h. Suppose that the ‘favourable result’ of the experiment is the 
reading of 2 amps on a certain meter, but suppose that the circuit is such 
that we can infer from already-accepted theories, without using h, that 
there will be a reading of 2 amps on this meter; then clearly even if we 
observe such a reading h will not be confirmed. And the same follows if the 
experimenter has instructed an assistant to watch the dial of this meter 
and adjust some controls so as to obtain the desired reading. In both these 
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cases of non-confirmation k by itself entails b; the probability of b relative 
to k alone is equal to the probability relative to k.h, each of these being 1. 
But if we change k (alter the circuit, eliminate the assistant) so that Pr(b,%) 
is less than 1, while Pr(b,k.h) is still 1, then a favourable result will confirm 
the hypothesis. In this paradigm case confirmation occurs when and only 
when the basic form of the relevance criterion is satisfied. 

Here k.h entails 6, and therefore if b were not observed this would 
falsify h, on the assumption that k is correct. But though this is a feature of 
the classroom account of how hypotheses are tested, and although Popper, 
in particular, has insisted on the role of falsification in scientific method, 
it is not essential in scientific practice. An hypothesis can be confirmed by 
the observation of a result which that hypothesis would help to explain, 
even if failure to observe this result would not have been fatal for the 
hypothesis even in relation to k—that is, even where we could have 
explained away an unfavourable result without abandoning any of the 
background of accepted beliefs. The hypothesis that a ship of the Spanish 
Armada was wrecked in a certain bay would be confirmed if a search by 
divers brought to light some brass cannon, gold and silver coins of the 
right period, and so on; but this hypothesis would not be falsified, though 
it might be disconfirmed, if such a search were fruitless. The desired 
discovery is not entailed by k.k, nor is non-discovery entailed by the 
falsity of k; all that is necessary is that the discovery is more likely if the 
hypothesis is true than if it is false. The hypothesis that a die is so loaded 
that the chance of its coming up 6 is about } will be confirmed if out of 
ten throws it comes up 6 between four and six times; but this hypothesis 
will not be falsified if it comes up 6 more or less often. 

Again, the hypothesis that psychoanalysis helps to cure hysteria might 
initially be supported by the observation that of a group of patients 75 
per cent were free from hysterical symptoms after, say, six months analysis 
and remained free from symptoms for the next eighteen months. But if 
our background beliefs included the information that in 75 per cent of 
untreated cases of hysteria spontaneous remissions occur within six 
months, then the supposed observation would not confirm the therapeutic 
value of analysis. If, however, our background beliefs changed, so as to 
include the information that while in 75 per cent of untreated cases the 
particular hysterical symptom disappears within six months, in 50 per 
cent of these patients other hysterical symptoms appear within the next 
eighteen months, then the original supposed observation would after all 
confirm the therapeutic hypothesis. Here we are considering alternative 
bodies of background knowledge and belief, k, and k,; with k, the observed 
rate of ‘cure’ is to be expected as a product of spontaneous remissions, 
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so that Pr(d,k,.h) is no higher than Pr(b,k,), but with k, spontaneous 
remission will not account for all the lasting ‘cures’, so that Pr(b,k,) is 
less than Pr(,k,) and Pr(b,k,.h) is greater than Pr(b,k,). Where there is a 
gap between the probabilities with and without the hypothesis, there is 
confirmation; where there is no gap there is no confirmation. 

It may be objected that this last example (and perhaps the others too) 
should be interpreted differently. The problem is to explain why 75 per 
cent of this batch of treated patients have become and remained free from 
hysterical symptoms. One explanatory hypothesis is that the analysis has 
cured their hysteria. Another is that they have recovered of their own 
accord. This alternative hypothesis is tenable in the light of k,, but not of 
ky, because given k, this hypothesis does not explain why all these patients 
stayed ‘cured’. i 

This interpretation is quite satisfactory, but it is in no way incompatible 
with the relevance criterion. Precisely because k, included the basis of an 
alternative hypothesis, k, by itself, without h, gave a good chance that there 
would be just such a recovery rate as was observed; and precisely because 
k, made this alternative hypothesis an inadequate explanation of the 
observed result that these patients stayed ‘cured’, kg by itself gave a much 
poorer chance of there being just such a recovery rate. 

In general, if k supplies an adequate alternative hypothesis, or even if 
k makes it likely that such an alternative hypothesis can be found, this 
will reduce or eliminate the gap between Pr(b,k.h) and Pr(b,k), whereas 
this gap will be widened if k makes this unlikely. And an hypothesis is 
surely confirmed by an observation when it is the only hypothesis that, 
in the light of our background beliefs, seems likely to be available to 
explain the observation, whereas it is confirmed either not at all or less 
well if those beliefs supply or leave plenty of room for an alternative 
explanation. 

These examples have illustrated the basic form of the relevance crit- 
erion. To illustrate the first comparative form C,, suppose that A is, or 
would be, confirmed by each of two observations b, and b, independently, 
and suppose further that k.h entails both b, and b,, but that Pr(b,,k) is less 
than Pr(b,,k). In other words, if the hypothesis is true each of the ob- 
servations will be made when the corresponding experiment is performed, 
but apart from the hypothesis, on the basis only of our other beliefs, a 
‘favourable’ result from the first experiment is much less likely than a 
‘favourable’ result from the second. Then the criterion C, states that the 
actual observation b, would confirm h better than the actual observation b4. 
Consider, as an example, the hypothesis that a certain quantity of a certain 
drug taken every twenty-four hours gives complete immunity to malaria. 
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In one test, ten men take the drug and live for three months in a highly 
malarious area; in another test, one man takes it and lives for three months 
in a slightly malarious area. Here k.h entails both 5, (none of the ten will 
get malaria) and b, (the one man will not get malaria). But 5,, that is a 
favourable result of the first test, will surely confirm A much better than 
b, a favourable result of the second. The first is a more thorough test. 
And why? Surely because the favourable result of the first was intrinsically 
less likely, and therefore, since Pr(5,,k.4)=Pr(b,,k.A)=1, there was a 
bigger gap between Pr(b,,k.h) and Pr(b,,k) than between Pr(b,,k.h) and 
Pr(b,,k). 

This result approaches Popper’s doctrine that an hypothesis is con- 
firmed by surviving severe tests. For a severe test will be a procedure which, 
in the light of our background knowledge and beliefs, but without the 
hypothesis, is unlikely to lead to a favourable result. In the extreme case 
where k.h entails the favourable result, an unfavourable result is a falsifi- 
cation; a severe test is then a procedure which is likely to falsify the hypo- 
thesis if it is false, just as a severe examination is one which a candidate, 
if he has any weaknesses, is likely to fail. Hence in a severe test Pr(b,k) is 
low, and therefore Pr(b,k.h)—Pr(b,k) can be high. By contrast a non- 
severe test (in particular a procedure in which the experimenter tries to 
confirm his hypothesis) will be one in which a favourable result is quite 
likely even apart from the hypothesis; here Pr(b,k) is high, and therefore 
Pr(b,k.k)—Pr(b,k) must be fairly low. The relevance criterion does not, 
indeed, imply that confirmations come only from severe tests, but its 
comparative form does imply that better confirmations come from severer 
tests (cf. Mackie, 1963, pp. 273-5). 

Similar comparisons can be made where k.h does not entail b. Consider 
again the hypothesis that this die is so loaded that the chance of its coming 
up 6 is about 4, where our background knowledge includes nothing about 
this die except that it is an ordinary-looking die, so that the chance of a 6, 
relative to k alone, is 4. Then if b, is the observation that out of twenty 
throws, 6 comes up between eight and twelve times, while 5, is the observa- 
tion that out of ten throws, 6 comes up between four and six times, it seems 
clear that b, is a better confirmation of h than b,. And here Pr(5,,k.A) is 
greater than Pr(b,,k.h}—since the larger the sample, the more likely it 
is to be representative—while Pr(d,,k) is less than Pr(d,,k) for the same 
reason. So there is no doubt that the adding of h to k raises the likelihood 
of 5, more than it raises the likelihood of bg. 

In all the comparative cases mentioned so far, there has been no doubt 
which observation has had its likelihood raised the more. But what if the 
adding of A to k raises the probability of b, say from 0.2 to 0.5, and that 
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of b; from 0.4 to 0.8? Is it the absolute or the proportionate increase that 
matters? To decide this issue, consider a more extreme case. Suppose 
that Pr(b,,k)==0.01, Pr(b,,k.h)=0.3, Pr(by,k)=0.4, Pr(by,k.h)=0.9. Look- 
ing at this in terms of alternative hypotheses, these figures mean that it 
will be extremely difficult to find or sustain an alternative hypothesis 
to account for b,, whereas it is reasonably easy to give an alternative 
explanation of bẹ. And-therefore, although A explains b, more thoroughly 
than it explains b,, it seems that 5, would tell much more strongly than 
b, in favour of h. What is significant then, is the proportionate increase in 
probability. l 

The second comparative form, Cg, includes the claim that an observation 
supports more strongly an hypothesis which (in conjunction with the 
background knowledge) entails the corresponding observation statement 
than one which merely probabilifies it. It also says that of two alternative 
hypotheses, the one which makes an observation more likely is the better 
confirmed by that observation. Consider three hypotheses about a die, 
as follows: 

h,: The die is unbiased. 

ha: The die is so loaded that its chance of coming up 6 is 4. 

h: The die is so loaded that its chance of coming up 6 is 4. 
Relate these to the observation-statement b that in a series of twenty 
throws, 6 has come up eleven times. Then if k contains only the fact that 
this is an ordinary-looking die, together with the relevant general know- 
ledge, the adding of A, to k would not raise the probability of b at all, and 
though the adding of h, to k would raise it, the adding of hg would raise 
it more. C, then tells us that h, is better confirmed by the actual obser- 
vation of 5 than A,, while by C we can say that A, is not confirmed at all, 
and both these judgments seem to be correct. 

It has already become plain that the relevance criterion connects con- 
firmation with explanation. Its basic form says that an observation con- 
firms an hypothesis if and only if both (i) the hypothesis would explain 
what is observed and (ii) this was otherwise in need of explanation. The 
explanation, however, need not be thorough, it need not conform to the 
strict ‘covering-law’ model; the hypothesis need not make the occurrence 
of what has been observed inevitable in what we take the circumstances to 
be. And the comparative form C, indicates, as we have seen, that what does 
most to make one observation a better confirmer than another is the 
former’s being otherwise the more in need of explanation. 

These, then, are some of the considerations that make the relevance 


1 This is the justification of the form in which G; is stated in Note 1. 
c 
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criterion plausible. It yields what appear intrinsically to be the right 
answers in cases of several kinds. It fits in with the way in which the 
availability of alternative hypotheses bears upon confirmation. Its im- 
plications approximate to Popper’s doctrine that hypotheses are confirmed 
by surviving severe tests. And it allows us to find appropriate links be- 
tween confirmation and explanation. 

These arguments constitute a prima facie case, but not a conclusive 
case for the criterion. There are at least three arguments against it. 

One of these is developed by Hooker and Stove (1967, p. 311) from the 
Paradox of Ideal Evidence. Where a is the statement that at the next throw 
of this die 6 will not come up, and b is the statement that in the last 600,000 
throws 6 has come up only 100,o00-+-10 times, they say that b confirms 
a, and yet b has not altered the probability of a, ‘whence b is—in, of 
course, the technical sense—irrelevant to a, and hence by the symmetry 
of irrelevance, does not confirm it according to the Relevance Criterion’. 

We must carefully distinguish here the statement a, that at the next 
throw 6 will not come up, from c, the statement that the chance of 6 not 
coming up at a throw of this die is §. And we may consider three possible 
cases. 

(i) We have in k other evidence, from the physical symmetry of this 
die, from the behaviour of many other symmetrical dice, etc., which 
establishes conclusively that this is a normal die, with which the chance 
of not throwing 6 is $. That is, c is already established, the further 
evidence 5 is superfluous, and 5 does not confirm either ¢ or a in relation 
tok. 

(ii) We have in k some evidence of the sort mentioned in (i), but it is 
far from conclusive. Here b is not superfluous, and does confirm c. But 
this confirmation obeys the relevance criterion: the adding of c to k 
would raise the probability of b. It may well be that although c is not 
conclusively established by k, the probability of a relative to k is 4; we 
do not know of any bias, and such evidence as we have suggests that the 
die is normal. Here it is doubtful whether we should say that 5 confirms 
a (as well as c). It has not altered the probability of a’s being true, but 
it has put this probability on a firmer foundation. It is a ‘logical’ probability 
in each case, but without bit results partly from our ignorance of the die; 
with b it rests on thorough knowledge of the die, though still, of course, on 
our ignorance of this particular throw. I should be willing to say here that 
b confirms a, and that this is a confirmation which does not obey the rele- 
vance criterion. But it is a confirmation of a different kind from that illus- 
trated by our other examples, and even from the confirmation of quasi-law 
and chance statements like c. For c is an hypothesis which explains the 
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evidence b, and is confirmed by it for that reason. But a could make no 
pretence of explaining 6; it is put forward, if not as a mere guess, as a 
consequence of some such hypothesis as c. 

(iii) We have in k no evidence about whether this die is loaded or not; 
all we know is that it has the usual six sides, so that there are six logically 
possible results of a throw, and we have no grounds for expecting one 
rather than another, but equally no positive grounds for expecting them 
to come up with equal frequency. We can still say that relative to this k 
the probability of a is 3, but this probability rests wholly on the set 
of logically possible alternatives and the principle of indifference. This 
is really an extreme or limiting case of (ii), and the same sorts of comment 
apply. Here b confirms c, in accordance with the relevance criterion. 
‘It does not alter the value of the probability of a, but it changes the type of 
evidence to which this probability is relative, and the way in which that 
evidence gives a fairly high probability to a. Without b, we rely heavily 
on the principle of indifference; once we have b, we rely on a well-confirmed 
law about the behaviour of this die. Here too we can say that b confirms a, 
but not in accordance with the relevance criterion, and in a different 
sense of ‘confirms’ from that which does obey this criterion. 

A second argument has been developed by L. J. Cohen (1966): Some 
of our reasonings about evidential support, he claims, presuppose that 
degree of support cannot be even a function of probabilities, and this 
will rule out, among other things, all measures that are extensions of the 
relevance criterion. In particular Cohen argues that (subject to certain 
provisos) any two instantiations of the same confirmed generalisa- 
tion will have the same degree of support as one another, and the 
conjunction of any two or more of such instantiations will also have 
the same degree of support. (For example, if a drug has been tested 
and found safe, the statement that it is safe for twenty users has the same 
degree of support as the statement that it is safe for one.) But this, he says, 
is impossible if degree of support is measured by any function of probab- 
ilities. This argument too is essentially concerned with the degree of 
support received, indirectly, by consequences of hypotheses which are 
themselves supported non-deductively by evidence. 

This leads naturally to a third objection to the relevance criterion, that 
it conflicts with Hempel’s Consequence Condition (Hempel, 1965, p. 31; 
referred to by Hooker and Stove, 1967, p. 310, n. 4). This condition 
states that evidence which confirms an hypothesis also confirms any con- 
sequence of that hypothesis—formally, if b confirms A,, and h entails Ag, 
then b confirms h,. This condition is highly plausible, for in general the 
point of confirming hypotheses is to be able to draw predictions and other 
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inferences from them, and we want some reliance on these inferences to be 
justified by whatever evidence has confirmed the hypothesis. Carnap (1962, 
p. 474) showed that this condition could not be reconciled with his meas- 
ures of confirmation, and concluded that the consequence condition was in- 
valid, but one might equally accept the consequence condition and infer 
that Carnap’s measures are invalid. Similarly we can use it to throw doubt 
on the relevance criterion. 

An example will show how they conflict. Cards are drawn from a 
slightly eccentric pack, which contains the usual four suits of thirteen 
cards each, but while spades and clubs have three court cards each, 
hearts have four court cards and diamonds only one. If k includes this 
description of the pack, the fact that cards are drawn at random, etc., 
while A, is ‘the card now being drawn is a heart’, ha is ‘the card now 
being drawn is red’, and b is ‘the card now being drawn is a court card’, 
then Pr(b,k)=44, Pr(b,k.h,)= 4 =H4, and Pr(b,k.ha)= 4 =F. Therefore 
by the relevance criterion b confirms h,, but disconfirms h,, and yet k, 
entails hy. 

Since confirmation cannot obey both the relevance criterion and the 
consequence condition, which, if either, does it obey? A variant of this 
example may throw some light on this problem. With the pack described 
above, let the drawing be done by a machine which returns cards after 
drawing them, but whose procedure is otherwise unknown. After a 
number of cards have been drawn we receive the (incomplete) report 
b that the proportion of court cards among those drawn is well above f. 
Let h, be the hypothesis that the machine is drawing hearts exclusively, 
and A, the hypothesis that it is drawing red cards exclusively. Clearly b 
confirms h,, and if we accept hı we must accept hg; but does b confirm hg? 
If we interpreted A, as meaning ‘the machine is so constructed that it is 
responsive to colour alone, and selects cards for redness, but otherwise 
randomly’, then 5 would disconfirm it, as above; but this interpretation 
of A, is not a consequence of h,. If h, means ‘the machine is set in some 
such way that whatever it is responsive to results in its selecting only 
red cards’, then it is a consequence of A,; but it is not obviously either 
confirmed or disconfirmed by b. Unlike A,, this h, in itself has no power 
to explain b; we could not have any reason to adopt it directly as an ex- 
planation of b. (It covers, in fact, several different hypotheses; e.g. that 
the machine is selecting red cards as such, that it is selecting hearts, that 
it is selecting diamonds, that it is selecting hearts and diamonds alternately, 
and so on. All these bear differently upon b, and I do not see how we can 
use, as an explanatory hypothesis in relation to b, a proposition that is 
indeterminate between them.) This gives the clue to a solution. As Cohen’s 
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argument suggests, the question ‘Does this evidence support that conclusion’? 
is ambiguous. There is more than one kind of non-deductive support. 
The direct support given by an observation that is otherwise in need of 
explanation to an hypothesis that explains it is one thing; the indirect 
support given by the observation via that hypothesis to its consequences 
is another. Thus b directly supports h,; it would directly disconfirm the 
first suggested interpretation of h,; but for the reasons given above, the 
second suggested interpretation of A, is not in the market for direct con- 
firmation or disconfirmation by b.t On the other hand, since the second 
interpretation is a consequence of A,, the support given by b to A, will 
constitute a reason for believing A, in this sense. 

Reviewing the arguments we have found for and against the relevance 
criterion, it is obvious that all the arguments for it relate to contexts in 
which an hypothesis is, or may be, supported directly by observations 
which it is its task to explain, while all the arguments against it relate to 
contexts other than this. The discussion as a whole, therefore, points to 
this at least as a provisional conclusion: the relevance criterion is a sound 
criterion of direct confirmation, but it is not a sound criterion of evidential 
support in general.? 

Indeed, it.seems that the mistake has been to assume that there is just 
one kind of non-deductive support and, correspondingly, just one criterion 
and one appropriate measure of the degree of support. We should dis- 
tinguish these three varieties at least. First, there is the support, which 
we may call probabilification, given by the premisses of a proportional 
syllogism to its conclusion. If we know that most As are Bs, and that this 
is an A, but we do not know anything else that bears on the question 
whether this is a B or not, then this incomplete knowledge pretty clearly 
supports the conclusion that this is a B. Many of the natural applications 
of the relative probability schema Pr(x,y) can be related to this principle; 
but it seems not to be possible to base on this principle alone the support 
given by scientific evidence to an hypothesis which helps to explain that 


1 Cf. Fisher, 68 :'Mathematical Likelihood does not obey the laws of probability. Whereas 
such a phrase as “the probability of A or B” has a simple meaning . . . the phrase “the 
likelihood of A or B” is more parallel with “the income of Peter or Paul”—you cannot 
know what it is until you know which is meant.’ What Fisher says here about ‘likelihood’ 
seems to me to hold for direct confirmation. 

% This ia, however, enough to justify the use of the criterion in, for example, the solution 
of the ravens paradox discussed by Hooker and Stove. It follows that the solution of their 
own difficulty which they offer in Section 6 is, despite their disclaimer, acceptable. 
As they say, there is nothing paradoxical in admitting, as one is forced to, that “This 
object is black’ confirms ‘Every individual thing is either not a raven or black’, i.e. 
(x) Rx > Bx). But their attempt to draw an important distinction between this and ‘All 
ravens are black’ surely fails; the latter differs from the former only in presupposing that 
the classes ‘ravens’ and ‘black things’ have both members and non-members, and this 
difference does not affect the confirmation mentioned. 
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evidence. This, then, is a second variety of non-deductive support, the 
direct confirmation of an hypothesis by evidence which it helps to explain. 
Different again is the support given indirectlyjby that evidence to further 
inferences from the explanatory hypothesis (whether deductive or only 
probable); and it is not surprising that this indirect support fails to obey a 
criterion which is closely linked with explanation, which is in fact a criterion 
of direct confirmation. Nor, of course, is there anything mysterious about 
this indirect support; if we accept a proposition we must accept its de- 
ductive consequences, and therefore whatever tends to justify our accept- 
ing it tends also to justify our accepting its consequences, and similar 
points can be made about probable inferences from it. Support as such is 
transitive, though particular kinds of support, such as direct confirmation, 
may not be, so there will be many sorts of indirect support. 

There may, however, be more to be said about direct confirmation. 
So far I have given only a posteriori arguments for the relevance criterion, 
showing that its implications agree with what seems reasonable on other 
grounds. There is still room for an a priori justification of it, which is 
perhaps what Hooker and Stove are missing when they say that no-one 
has given arguments for it. It may be easier to find such a justification 
now that the field in which this criterion appears to be sound has been 
restricted to that of direct confirmation. 

In defining this field of direct confirmation we must guard against 
several possible misunderstandings. First, the hypotheses which can be 
directly confirmed need not be universal law hypotheses. Examples used 
above show that singular hypotheses, statistical law hypotheses, and so on 
also fit in with the relevance criterion. Secondly, ‘directly confirmed’ does 
not mean ‘supported by the observations alone’; I have allowed through- 
out for background knowledge and beliefs, which can include already 
accepted scientific theory, and a ‘directly confirmed’ hypothesis may well 
be an addition to, an elaboration of, such a theory, confirmed only in the 
light of the already established parts of it. All that the word ‘directly’ 
means is that what is confirmed is not a conclusion drawn either by strict 
deduction or by probabilification from something else, but is an hypothesis 
supported by the evidence because with the help of background information 
it to some degree explains that evidence. 

Thirdly, it may be objected that since I seem to be saying that ‘fav- 
ourable relevance’ alone is not a sufficient criterion of confirmation, but 
that ‘favourable relevance’ plus explanation is, I am committed to saying 
much more about the criteria of explanation and perhaps about measures 
of degree of explanation. But this objection rests on a misunderstanding. 
My intention is not to use the proposition that A actually explains b 
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(perhaps to some degree) as part of the criterion for b’s directly confirming 
h, or as part of a measure of how well it confirms h, but only to use the fact 
that A has the rôle of an explanatory hypothesis in relation to b to delimit 
the field within which relevance is a criterion of confirmation. Part of the 
point of this delimitation is to exclude appeals to this criterion where other 
criteria of support are appropriate, e.g. deduction or probabilification. 
This delimitation, if sound, is worth making even if it can be made only 
roughly, provided that there are some cases that clearly fall within this 
field, and others that clearly fall outside it. And there are, as the examples 
used above will show. There is no doubt that all the hypotheses mentioned 
in the discussion which illustrated C, C}, and C, are genuine explanatory 
hypotheses. Equally there is no doubt that in the Ideal Evidence example a 
is not an explanatory hypothesis in relation to b, though c is; nor is there 
any doubt that consequences of the sort Cohen is discussing are not 
explanatory hypotheses in relation to the evidence for the generalisations 
in question. In the example of the card-drawing machine, A, and the 
first interpretation of hy are clearly explanatory hypotheses; but it is very 
doubtful whether the second interpretation of hy is so. Admittedly it is 
desirable that the distinction between what is and what is not an ex- 
planatory hypothesis should be drawn more precisely. As a step towards 
this, I should suggest that such an hypothesis must help in some way to 
draw a wider, more embracing picture within which the observed items 
for which it is an explanatory hypothesis have some place, the corres- 
ponding observation-statements being either entailed or probabilified 
by the statements that draw this picture. But whether this suggestion can 
be defended and developed or not, the rough distinction stands, and tells 
us something about the use to which the relevance criterion can be put. 

Finally I shall sketch what might be the beginning of an a priori justi- 
fication of the relevance criterion in this restricted field. The context is 
one in which we are looking for explanations in the sense just indicated. 
We are taking k as established, and k, as suggested earlier, may or may not 
make it likely that an alternative explanation can be found. The case where 
the relevance criterion is satisfied is that where k makes this unlikely. 
The choice then is between a picture (k.h) which makes 6 relatively likely, 
and a picture, or range of possible pictures, k without h, which makes b 
relatively unlikely. The conjunction of the latter with 5 is comparatively 
unacceptable; therefore if we have b the former is comparatively acceptable. 
This explains C; more elaborate arguments along the same lines could be 
used to justify C, and Ca. 

The essential point in this justification is that we have a choice between 
alternatives; and it is the context of seeking explanations that imposes this 
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That Confirmation may yet be a Probability 
by PATRICIA BAILLIE 


In his Logic of Scientific Discovery Professor Popper (1959) tells us that 
he has addressed himself to what he calls the ‘problem of degree of cor- 
roboration’ (p. 387). By ‘degree of corroboration’, Popper means what is 
more familiar to us as degree of confirmation. I shall, wherever it is con- 
venient for my exposition, use ‘degree of confirmation’ as a synonym for 
‘degree of corroboration’. Both are intended as translations of “Grad der 
Bewährung’, and I think that they are both equally good English transla- 
tions. Popper does use ‘degree of confirmation’, though not as often as he 
uses ‘degree of corroboration’. 

The ‘problem of degree of corroboration’ is that ‘of showing that this 
measure cannot be a probability’ (p. 387) or ‘that it is not one of the possible 
interpretations of the probability calculus’. This thesis is asserted on 
pages 309, 363 and 387, among others. 

I take it that for anything to be a probability, is for it to be a direct 
interpretation of the probability calculus, such that P(y,x) = r would be 
read as DC (degree of confirmation) (y,x) = r. This identification of degree 
of probability with degree of confirmation, I call the ‘direct interpretation’, 

In Appendix*g of Logic of Scientific Discovery, certain examples are 
advanced, which embody arguments against the direct interpretation. 
It can be shown that these arguments assume as a hidden premise that the 
direct interpretation entails a certain definition of comparative and qualita- 
tive confirmation. I will take one example to show firstly, that these assumed 
entailments do not hold and secondly, that the criterion of comparative 
confirmation assumed is misinterpreted and the crucial statement is either 
not contradictory or not derivable. Finally, it can be shown, using a 
plausible criterion of comparative confirmation much discussed recently, 
that the argument against the direct interpretation collapses. 

This charge of Popper’s that an inconsistency results from the direct 
interpretation has been the subject of a protracted discussion, largely in 
this journal. The example I take here for discussion is an expanded and 
more explicit version of one of the original examples.1 The first defence, 
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1 See Logic of Scientific Discovery, 1959, p. 391. ‘Every careful reader of my first note, and 
especially of the example given under pomt 6, will find that all this is clearly implied 
there... .’ 
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made by Bar-Hillel (1954, pp. 143 ff.), does seem to be open to the return 
charge of evasiveness. The defence is, roughly, that we do not have to 
describe Popper’s example in the way suggested. Now for any actual or 
possible situation, let us agree that there is some unexceptionable way to 
describe it. But Popper’s point is that the direct interpretation entails that 
certain situations be further described in a self-contradictory way. In sum, 
Bar-Hillel says: ‘It is far from obvious why we should have to say ...’. 
My task is to make it quite obvious exactly what we must say—i.e. ‘to 
make explicit the criterion of comparative confirmation applicable. 

Bar-Hillel returns to the fray (1955-6, p. 156), and under Popper’s 
points (2) and (3) indicates sources of confusion in both the classificatory 
and quantitative concepts. However, in the expanded example discussed 
in Appendix *g of Logic of Scientific Discovery, the clarifications made by 
Bar-Hillel are taken account of. The premises stated as used in deriving the 
contradiction are acceptable to proponents of the direct interpretation as 
adequate explicata. But there is an unstated premise, viz. an explication 
of comparative confirmation, and this concept was not discussed by Bar- 
Hillel. And it is equivocation on just this point which allows derivation of 
a contradiction. 

The comparative concept is discussed by Carnap (1962) in his Preface 
to the second edition of Logical Foundations of Probability, where he 
refines the analyses of confirmation concepts. He concedes certain points 
to Popper in this wise: the comparative concept in Logical Foundations of 
Probability was intended in the sense of I2, i.e. my MC (see below). But 
the verbal formulations suggested use of II2, i.e. my CM (see below). 
What I wish to point out is that, whichever comparative concept is taken, 
no contradiction will result. The contradiction does not result from using 
either one, mistakenly or otherwise, it results from a confusion of the two. 

In discussion of all these examples in Popper’s Appendix *g, the follow- 
ing should be kept in mind. A definition or a measure of degree of confirma- 
tion does not yield a definition of comparative confirmation. Nor does it 
yield, and this may seem strange, a definition of the classificatory concept 
‘confirms’. 

To show that this seemingly implausible state of affairs is the case, com- 
pare confirmation with temperature, though this will serve in part merely 
to indicate the differences between them. Consider the case where A is 
80°F, B is 50°F. The degree of warmth of A is greater than the degree of 
warmth of B, so A is warmer than B. 

In a parallel way, if the degree of confirmation of A is greater than the 
degree of confirmation of B, then A is confirmed more than B. This 
appears to be a statement which is analytically true. It looks as if it is 
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equivalent to this statement: If the degree of confirmation of A is greater 
than the degree of confirmation of B, then A has a greater degree of con- 
firmation than B. However, these confirmation statements, unlike those 
about temperature, are ill-formed. Confirmation is a binary relation be- 
tween two statements. Any confirmation-parallel to ‘A is 80°F and B is 
50°F’ must mention some evidence for each hypothesis. To keep the 
parallel as far as possible, let us assume the same evidence for each, and 
let us further assume that this evidence statement is the total evidence 
available. Then our parallel situations are: 


(i) Degree of confirmation of A given « = r and degree of confirmation 
of B given x = s. (r>s) 

(ii) Temperature (degree of warmth) of A = 80°F and temperature of 
B = 50°F. 


How many A and B in the statement (i) be compared? First it is im- 
portant to see that we cannot infer: 


The degree of confirmation of A = r, given x; or, what is equivalent: 
Given x, the degree of confirmation of A = r. 


Statements! of probability or confirmation cannot be expressed in this 
conditionalised form. Briefly the reason is this: ‘given’, in any acceptable 
interpretation, admits of the valid use of some rule of detachment similar 
to modus ponens. If we are indeed ‘given’ x as a premise, then we can 
detach it from the conditionalised statement of probability, and thus infer 
the statement ‘the degree of confirmation of A = r’. But x is a variable 
whose values are different evidence statements, and the degree of con- 
firmation of A given x, i.e. the value of r, varies with the value of x. 
Hence as x varies, we would be able to infer by detachment different, and 
contradictory, statements of the form ‘the degree of confirmation of A = r’. 
It is obvious, of course, that the formulation of statements of confirmation 
or probability using ‘if’ in place of ‘given’ are even more prone to be 
conditionalised in this misleading way. 

For the same reason, we cannot, on pain of misconditionalisation and its 
unhappy consequences, infer from (i) that the degree of confirmation of A 
is greater than the degree of confirmation of B, given x. If we could say 
either of these then a definition of comparative confirmation would follow 
from a definition of degree of confirmation. 

What then may we say about A and B? Are they comparable? We may 
certainly say that the degree of confirmation of A given x is greater than 


1 As presented here the argument is due to Mr D. C. Stove. Essentially the same question 
is discussed by Suppes (1966). 
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the degree of confirmation of B given x. But this is not yet a statement of 
comparative confirmation. It is simply a numerical comparison of degree. 
At this point confirmation departs from a concept like temperature. If I 
wanted a temperature concept analogous to comparative confirmation, I 
would define it this way: 


(iii) ‘x makes A more hotter than it was, than x makes B’, or 
‘x heats A more than it heats B (though not necessarily to a higher tem- 
perature than B)’. 
But this statement is not what the temperature statement (ii) above says, 
and is not derivable from it. (ii) and (iii) are indifferent. 

What I want to say about A and B in the above confirmation example is 
the well-formed statement; 
(iv) ‘x confirms A more than x confirms B’, 


but this does not follow from statement (i). In the temperature parallel, 
I need at least as a necessary condition for inferring a comparative state- 
ment such as (iii), to know the original temperatures of A and B. In con- 
firmation, I need at least as a necessary condition for inferring a compara- 
tive statement, to know the probabilities prior to x, or original degree of 
confirmation. What I further need is still open; it will be some definition 
or formula for the comparison, not of degrees of confirmation, but of 
degrees of the confirmation relation itself which holds between evidence 
and hypothesis. 

I have also claimed that a classificatory definition does not follow from a 
definition of degree of confirmation. This may seem harder to maintain. 
If A given x has a certain degree of confirmation, then surely x confirms A? 
The answer is, not always, and once again I take a parallel from degrees of 
warmth, i.e. temperature. Suppose again that A = 80°F and B = 50°F, 
and we agree that A is warm but B is not. But here I have had to assume 
that some minimum degree of warmth is necessary to provide qualitative 
warmth. No such comparable assumption is provided merely by defining 
degree of confirmation. Without such a further assumption, we have that, 
if A given x has a certain degree of confirmation, i.e. any degree, or 
whatever magnitude, then x confirms A. And when we thus read ‘a certain 
degree’ as ‘any degree’ and further, ‘any degree, however low’, the thesis 
is exceedingly implausible. It is like saying that for any r, however small, 
if the temperature of A = r°, then A is warm. Remembering that ‘x 
confirms A’ is like ‘x heats A’, we see the force of Popper’s saying that 
confirmation is an ‘acceleratory notion’ (1959, p. 399). The confusion 
arises because confirmation and comparative confirmation are ‘accelera- 
tory’, while degree of confirmation is a notion of ‘speed’. 
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‘These comparisons of temperature and confirmation are meant to give 

some indication of the sort of distinctions which we must be aware of in 
considering the arguments drawn from the examples in Appendix *g of 
Logic of Scientific Discovery. Here is the example from Popper (1959) 
PP: 390-91: 
Consider the next throw with a homogeneous die. Let x be the statement ‘six 
will turn up’; let y be its negation, that is to say, let y = &; and let x be the 
information ‘an even number will turn up’. We have the following absolute 
probabilities: 


P(x) = 1/6; ply) = 5/6; D(a) = 1/2. 
Moreover, we have the following relative probabilities: 


2(%,2) = 1/3; 00,2) = 2/3. 

He continues by saying that this example proves that there are cases for 
which it is true that: 

(5) p(#,8)>p(x) and p(y,2)<p(y) and p(x,2)<p(y,2) 

There is nothing objectionable about this. It is not contradictory, nor is it 
claimed to be so. The first step in the transformation to a contradiction is 
to make this substitution: 


(1) y confirms x (or Co(x,y)) if and only if, p(#,y)>p(#) 
Substitution according to (1) yields: 
(6) Co(x,#) and ~Co(y,z) and p(x,s)<p(y,3) or, in other words, confirms x and 


z does not confirm y, and the probability of x on is less than the probability of 
yon 2. 


Again, this is not contradictory, nor even an odd statement. The next 
step in the transformation is to ‘identify ... degree of confirmation and 
probability’, i.e. to substitute according to the direct interpretation. The 
second substitution yields: 

**Co(x,x) and ~Co(y,3) and C(x,2)<C(y,2) [where ‘C(x,s)’ means the degree 
of confirmation of x given z.] 
This, says Popper, is clearly self-contradictory. It has the form of: 


*There are cases in which x is strongly supported by x and y is strongly under- 
mined by z while, at the same time, x is confirmed by x to a lesser degree than y. 


It is further claimed that * has the form of: 


*** x has the property P... and y has not the property P and y has the property 
P in a higher degree than x.... 


CRITICISMS OF THE CONCLUSIONS DRAWN FROM THIS EXAMPLE 


I am in complete agreement with the setting up of the example itself. 
Both the absolute and relative probabilities are uncontroversial. The 
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other two premises used in the derivation of ** are the two substitution 
rules: 


(1) y confirms x if and only if p(x,y)>P(x) 
(2) degree of confirmation of x on y = r if and only if P(x,y) =r. 


Now (2) is the direct interpretation which I wish to defend. (1) is what 
has recently been called the ‘Relevance Criterion’ of confirmation (in its 
non-relativised form). In receiving its name it was criticised (Hooker and 
Stove (1968) p. 309 ff) and I wish to defend it, at least here. Popper (1959) 
calls it an obvious criterion.t So, with the derivations up to Popper’s 
sentence (6) I agree. But if ** is indeed self-contradictory, then the 
transition to it from (6) depends upon equivocation. For it can be shown 
that **, if read without depending upon an unwarranted interpretation of 
the symbols, i.e. if it follows from (6) using only (1) and (2) above, is not 
then contradictory, but true. Furthermore, the transition from ** to * 
and *** depends upon equivocation in the same way. This time the 
equivocation is more serious, for this error, undetected, would allow the 
derivation of * and *** direct from (6), and (6) is admitted on all sides to 
be true. 

The first step is to consider ** and its relation to (6). 


(6) Co(x,2) and ~Co(y,z) and p(x,2)<p(y,z) 
** Co(x,2z) and »Co(y,2) and C(x,2)<C(y,2) 


Now in deciding how to read **, we must remember that we have as yet 
no criterion of comparative confirmation. We have a definition of C, 
degree of confirmation. Since C has a numerical value (viz. the'value of P), 
we can make statements of equality or inequality. That statements of 
comparative confirmation are more complex than this, if it is not apparent 
from the earlier comparisons with temperature, will be shown presently. 

## is in fact nothing more than a simple comparison of numerical 
degrees of confirmation (cf. the comparison of degrees of temperature). 
If ** has a self contradictory air, then that. is because we are taking the 
inequality in a way in which we are not entitled to take it. I suggest that 
the English version of it be read in this way: 


** (English version) 3 confirms x, and z does not confirm y, and the degree 
of confirmation of x on z is less than the degree of confirmation of y on z. 


Remembering that confirmation is a measure of ‘acceleration’, and 


1 P. 388: ‘If we are asked to give a criterion of the fact that the evidence y supports or 
corroborates or confirms a statement x, the most obvious reply is: “that y increases the 
probability of x”.... We can then formulate our criterion as follows: (1) Co(x,y) if, 
and only if, p(x,y) >p(x).’ 
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degree of confirmation a measure of ‘speed’, this is seen to be a perfectly 
respectable statement. 

How is it that ** can be said to look at all suspect? I suggest it happens 
in this way. The strict translation of C is found on p. 388: 

... I soon found that, in order to define C(x,y)—the degree of corroboration of 
the theory x by the evidence y—.... 

So strictly, where I have written ‘the degree of confirmation of x on 2’, I 
should have written ‘the degree of confirmation of x by g’. Now these, I 
claim, should be very definitely distinguished as different concepts. The 
first may be spelt out more precisely, though less elegantly, as ‘... the 
degree of confirmation which x attains given 2°. Popper’s English may be 
spelt out thus, ‘the number of confirmatory degrees x is increased (or 
decreased) by 2’. A moment’s consideration shows that this last concept is 
measurable, by a difference function, either of degrees of confirmation, or, 
given the direct interpretation, degrees of probability. 

If, then, ** looks paradoxical, it is because we translate the inequality it 
states as an inequality in amounts of ‘acceleration’, i.e. as‘... the degree of 
confirmation of x by x is less than the degree of confirmation of y by 2’. 
But this inequality does not follow from (6). It is measurable, we saw, by 
a difference function. A comparison of difference functions is not possible 
on the basis of just the information given in (6). And if we make the com- 
parison from the general information laid out in the example, the result 
is not an inequality but an equality, viz. 1/6 = 1/6. On the other hand, if 
we take care to read ** as a comparison of degrees of confirmation, it is an 
unexceptionable statement. I conclude that, either ** is true and follows 
from (6), by (1) and (2), or is self-contradictory and does not so follow. 

The burden of my argument which now follows does not depend on 
acceptance of ** as true, as I have suggested it is. What I now turn to is a 
laying out of concepts of comparative confirmation, and the derivations of 
* and ***, Since * is supposedly shown to follow directly from (6), indeed 
it is seemingly intended to be nothing but another version of **, I can 
focus my criticisms directly on *, its generalisation ***, and their deriva- 
tion from (6). 

Consider the vital phrase in these versions: 

(6)... p(@,2)<p,3) 

*# C(x) <C(y,2) 

*...x is confirmed by z to a lesser degree than is y. 

**# y has the property P in a higher degree than x... 


All make a comparison of some sort. That they all make the same compari- 
son is far from clear. The uncontroversial data they all draw upon is (6). 
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My claim is that they do not make the same comparisons, and * and *** 
are not derivable from (6) or **. If this is thought unpalatable, the alterna- 
tive conclusion is that * and *** are derivable from (6), they make the 
same comparison, but are neither of them self-contradictory. 

In ‘On Inductive Logic’ Carnap (1945) defines this concept: ‘h is con- 
firmed on the evidence e more highly or just as highly as h’ on the evidence 
e”. This relation, called ‘MC(h,e,h’,e’)’, holds if and only if, for every 
regular c, c(h,e)>c(h’,e’). In the quoted context, this is not used as defining 
of MC, because Carnap’s interest is in defining MC independently of any 
measure of c. Thus he calls this the condition that MC be ‘in accord with 
c’. Since, however, our interest here is not in an independent definition, 
once having fixed on a particular measure of c, the above can be used 
definitionally. The measure of c we are concerned with is the direct 
interpretation: 


MC(h,e,h',e’) if and only if c(h,e)>c(h’,e’) 


Thus defined, MC corresponds to my comparison of degrees of confirma- 
tion on z. I shall reserve the name ‘CM’ for comparison of degrees of 
confirmation by z. 

In the Preface to the second edition of Foundations of Logical Probability 
(1962), Carnap refines his analysis of confirmation concepts. He dis- 
tinguishes here two triples of concepts, I and II. Concepts of I are ‘concepts 
of firmness’ (cf. speed), and those of II, ‘concepts of the “increase in 
firmness’’’ (cf. acceleration). His original MC appears in the first triple as 
Iz. CM appears in the 2nd triple as IIz. I2 and II2 are explicated by 
different formulae of c. (Though I2 and II2 both have three sub-species, 
a, b, and c, b and c in both cases are simply substitution cases of a. So I need 
only consider a in each case.) 


MC I2: h on e is firmer than h’ on e’, i.e. 

c(h,e)>c(h’,e’) 

CM II2: h is made firmer by i more than h’ byt’, i.e. D(h,t)> D(h’’) or, 
(by definition of D(A,t)) : 

c(h,t)—c(h,t) > c(h’,t’)—c(h’,t). 


The concept we have now labelled ‘MC’ and ‘Iz’ seems, as I said above, 
to be an unproblematic comparison, with uncontroversial applications. 
None could be clearer than that given by Carnap (1962, p. 22): 


The General Theory of Relativity is more strongly confirmed by the results 
of laboratory experiments and astronomical observations known today than by 
those known in 1905. 


That Confirmation may yet be a Probability 49 


This is a simple comparison of the degrees of confirmation of the General 
Theory relative to two different bodies of evidence. And MC is always, but 
only, applicable when we are comparing, in this straightforward way, 
degrees of confirmation. Since no statement of confirmation is well- 
formed without mention of some evidence, the simple comparison is 
filled out as a comparison of degrees of confirmation relative to given 
evidence statements. i 

We are concerned with Popper’s derivation of a statement of comparative 
confirmation from the true statement (6), using the direct interpretation. 


Let us look again at the relevant phrase of which the given x, y, and z are 
supposed to be an instance: 


* ...x 1s confirmed by z to a lesser degree than is y. 


Whether the given x, y, and z are an instance of * depends on how we 
read these words. They are an instance only if we read them as MC or Iz. 
But then, of course, if the comparative statement is read in this way, it is 
not a contradiction. We have, in fact, the same sort of dilemma as in the 
derivation of ** from (6). Either * is true and follows from (6) by (1) and 
(2), or it is self-contradictory, but does not so follow. 

Suppose * ‘.. . x is confirmed by z to a lesser degree than is y’ is read as 
MC. Then the formula it embodies is ‘.. . p(x,2)<p(y,2)’. So if * is 
read in this way it follows from (§), but of course is true. It is again a simple 
comparison of degrees of confirmation, i.e. by (2), of degrees of probability. 

Suppose, on the other hand, the comparison is read in the way I believe 
it is intended to be, and in the way obviously suggested by the way it 
is expressed, as CM. Then the formula it embodies is the difference 
function c(x,2)—c(x) < c(y,z)—c(y). But once again, examination of the 
example shows that the left hand side of the inequality has the value 1/6 
while the right hand side has the value —1/6. Hence the given inequality 
statement is false, and hence * in this interpretation does not follow from 
the probabilities given in the example. In fact, the inequality must be 
reversed and should read ‘x is confirmed by 2 to a greater degree than is 
y. The whole statement then reads: 


x is strongly supported by æ and y is strongly undermined by z while at 
the same time x is confirmed by z to a greater degree than is y. 


So the use of CM dissolves the contradiction. The ‘contradiction’ says 
* ‘There are cases ....’ If CM is intended, then the given x, y and z do 
not constitute such a case. And it would have seemed that CM would 
have been a likely candidate for Popper to choose for defining comparative 
confirmation. On p. 399 he says: ‘but the power of y to support x, it will 
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be seen, is essentially a measure of the increase or decrease due to y, in the 
probability of x’. I can only suggest that, his target being the direct 
interpretation, he simply assumes, mistakenly, that this entails a certain 
definition of comparative confirmation which might also be called direct, 
viz. MC. But then the natural inclination to read comparative statements 
as CM leads him to call * ‘clearly self-contradictory’. It further seems 
that the confusion is not helped by the misleading formulation of degree of 
confirmation using ‘by 2’, when fairly clearly what is intended would be 
better expressed as ‘on 2’. On the other hand, the use of ‘by 2’ in the 
comparative statement * seems to me to be correct and to be an aid in 
seeing that it is most plausibly interpreted as CM. 

Now there is an alternative definition of CM which is as unobjectionable 
in this particular case, and possibly preferable in other cases. 


1 qep) _ 22) 
CM’. lf > then CM (x,2,y,2). 
Pe BO) ee 
As does CM, CM’ permits derivation of this statement: 
Co(x,z) and »Co(y,2) and CM(x,2,y,2), 


which is the natural statement to make in the situation. CM’ is of some 
interest, since it is the principle of comparative confirmation which under- 
lies Mackie’s proposed solution of the paradox of the ravens (Hooker and 
Stove (1968), pp. 305-6). 





CONCLUSION 

In this example Popper takes as given the Relevance Criterion of classifica- 
tory confirmation and the direct interpretation of probability as degree of 
confirmation. The direct interpretation is supposedly refuted or shown to 
be inconsistent with the Relevance Criterion by a reductio ad absurdum. 
But the reductio argument can be shown to depend on a premise which is 
not entailed by the direct interpretation or by the Relevance Criterion, or 
by their conjunction. This hidden premise is the explication of a concept 
of comparative confirmation. Clarification has shown that the contentious 
statement is either derivable and not self-contradictory, or self-contra- 
dictory, but not derivable. So we can quite comfortably hang on to both 
the direct interpretation and the Relevance Criterion, simply by defining 
a way of comparing confirmation relations, which is clearly applicable to 
the example under consideration and is in general a useful concept. 


University of Sydney 
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Another Look at the Doctrine of Verstehen 


by JANE R.MARTIN 


The long-standing doctrine that a special kind of understanding—em- 
pathic understanding—is required in the field of human behaviour has 
been given new life in recent years. Traditionally, this doctrine has been 
part of the general thesis that the natural and social sciences differ funda- 
mentally because of their different subject matter. Roughly, the claim 
is that to understand human beings and their actions we must put ourselves 
in their position, e.g. think their thoughts, feel their feelings. We are able 
to do this because we too are human; that is to say, we understand others 
on an analogy with ourselves. This doctrine, usually called the theory of 
Verstehen, has found wide support among philosophers, social scientists, 
and historians. In the past it has been expressed in vague, metaphorical 
language and supported by metaphysical arguments. Contemporary 
philosophers have tried to strip it of these trappings while preserving the 
core of the doctrine. 

The standard criticism of the Verstehen doctrine has been that empathic 
understanding is nothing more than a useful heuristic device for thinking 
up explanations; it is in no sense required for understanding human 
behaviour. Empathic understanding, it is objected, does not guarantee 
that the explanation of behaviour so obtained is sound; nor is it necessary 
for obtaining sound explanations of behaviour (Hempel, 1965, pp. 239-40). 
In effect the critics of the doctrine have maintained that empathic under- 
standing belongs to the context of discovery rather than to the context of 
validation and that proponents of the Verstehen doctrine have failed to 
distinguish these two contexts adequately.1 Some have gone so far as to 
assert that the method of empathy is available to anyone; that is is not the 
affair of the social scientist and historian exclusively since physicists can 
use it in studying atoms (Popper, 1957, p. 138). But even when it is granted 
that empathy is exclusively the affair of social scientists, the criticism that 
its status is that of a heuristic device hits home, at least with modern 
Verstehen theorists. In reformulating the doctrine their concern is not 
simply to state it in the relatively precise language of contemporary 
philosophy but to give the doctrine ‘logical force’. 


Received 3 September 1968 i 
1 For a discussion of the two contexts see Richard Rudner, 1966, pp. 5-7. See pp. 71-3 
for Rudner’s discussion of Verstehen. 
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In this paper I shall be concerned with one such reformulation of the 
Verstehen doctrine, namely William Dray’s (1957, 1963, 1964, ch. 2). Iselect 
Dray’s version of the doctrine for examination here for several reasons: 
it is relatively clear; it is more modest in its claims than some contempo- 
rary reformulations without being so modest as to become uninteresting; 
it has been the subject of much philosophical discussion but has not been 
assessed as a theory of understanding human actions.1 My procedure will 
be to set forth and clarify Dray’s position and then to criticise it, first 
as a general theory of understanding human actions and next as a theory of 
historical understanding of human actions. I shall, in other words, be 
considering Dray’s version of the Verstehen doctrine in its own right. 
In effect, Dray takes the standard criticism of the doctrine as given; 
rather than try to defend traditional formulations against the criticism, 
he seeks a formulation which will get around it. For the present purpose 
I too shall take it as given, but I want to make it clear that my discussion 
of Dray leaves open the question of whether or not the standard criticism 
does in fact do justice to traditional formulations of the Verstehen doctrine. 


I RATIONAL EXPLANATION AND THE ACTOR’S POINT OF VIEW 


Traditionally, Verstehen theorists have held that laws and causal explana- 
tions are inappropriate to the understanding of human actions. Dray 
adopts a modified form of this thesis: he does not deny that human 
actions fall under law, but he argues that even if they do, ‘discovery of 
the law would still not enable us to understand them in the sense proper 
to this special subject-matter’ (1957, p. 118). Causal explanation looks at 
phenomena from the outside, but human actions, according to Dray, can 
only be understood from ‘the actor’s point of view’. 

‘When we ask for the explanation of an action’, says Dray, ‘what we very 
often want is a reconstruction of the agent’s calculation of means to be 
adopted toward his chosen end in the light of the circumstances in which 
he found himself’ (1957, p. 122). This does not mean that every action is 
performed with a plan consciously preformulated; Dray points out that 
the historian may have to construct, rather than reconstruct, a calculation: 
But such an admission need not affect the main point; for in so far as we say 
an action is purposive at all, no matter at what level of conscious deliberation, 
there is a calculation which could be constructed for it: the one the agent would 
have gone through if he had had time, if he had not seen what to do in a flash, 
if he had been called upon to account for what he did after the event, etc. 
And it is by eliciting some such calculation that we explain the action (1957, 
p. 123). 

t Dray’s account of human actions has been discussed and criticised primarily as a 
theory of explanation. See, for example, Hempel, 1963, and 1965, Essay 12, Section 10; 
and the other essays in Hook, 1963, including Dray’s in which Dray’s views are discussed. 
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Explanations of this sort are called ‘rational’ since they display the point 
or rationale of what was done. There is an element of appraisal in them, 
moreover, for they show in what way an action was appropriate; that is 
to say, they show an action as the thing to have done under thecircumstances. 
The notions of explanation and justification therefore overlap in rational 
explanations. Reasons for acting have generality, of course, but this 
generality is the generality of principles of action rather than empirical 
laws. These principles state the thing to do in certain circumstances, 
not the thing that everyone does. Dray believes that there is a standing 
presumption in favour of giving a rational explanation of an action: ‘rational 
and non-rational explanations are alternatives—and alternatives sought in a 
certain order. We give reasons if we can, and turn to empirical laws if we 
must’ (1957, p. 138; 1963, pp. 115-16). 

‘Only by putting yourself in the agent’s position can you understand why 
he did what he did.’ Thus formulated by Dray (1957, p. 128), the doctrine of 
Verstehen does not merely give methodological advice ; such advice would be 
worded, ‘Only by putting yourself in the agent’s position can you find out 
why he did what he did?’ Rather, it sets forth certain conditions which 
must be satisfied before a historian is prepared to say: ‘Now I have the 
explanation.’ By the phrase, ‘putting yourself in the agent’s position’, 
Dray means ‘giving an explanation from the agent’s pointof view’, i.e. giving 
a rational explanation. In other words, the doctrine of Verstehen as form- 
ulated by Dray consists in the claim that rational explanations alone allow 
us to understand human actions. This is not to say that every rational 
explanation is correct or self-evidently true merely by virtue of its form; 
rational explanations have ‘an inductive, empirical side’ and are built up 
~ from the evidence. But rational structure is necessary for understanding 
human actions; hence the doctrine is interpreted as a logical one. 

The doctrine of Verstehen is often interpreted as a theory of explanation: 

(1) There can be no causal explanations of human actions. 

Dray, however, formulates it as a theory of understanding. Now as we 
have seen, Dray says, ‘Only by putting yourself in the agent’s position 
can you understand why he did what he did’. In this paper, however, I 
shall take him to be making the following claim: 

(2) Only by putting youself in the agent’s position can you understand 

his action. 
A thesis about understanding why an agent did what he did would be, of 
course, a more modest one than (2), for it would leave open the possibility 
of understanding e.g. what he did or how he could possibly have done what 
he did, without taking the agent’s point of view. Yet it seems to me that 
(2) preserves the core of the traditional Verstehen doctrine while capturing 
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Dray’s intent; for it is far from obvious that Verstehen theorists in general, 
and Dray in particular, want to grant that there can be any sort of under- 
standing of human actions if the actor’s position is not taken. I shall 
proceed therefore to take Dray to be presenting a theory of understanding 
actions, If it is thought that I have taken too many liberties in this respect, 
let me hasten to add that much, although not all, of the discussion of (2) 
which follows is applicable to the more modest thesis—a thesis about 
understanding why he did what he did—as well as to (2). 

To put oneself in the agent’s position, according to Dray, is to give a 
‘rational’ explanation of his action; it is to show the point of the action, 
to construct the agent’s calculation. It seems quite clear, however, that 
at least in the ordinary sense of the phrase, one can put oneself in an agent’s 
position without giving or being able to give a rational explanation of his 
action. Moreover, one can give a rational explanation, i.e. construct an 
agent’s calculation, without putting oneself in his position. It seems 
advisable for purposes of analysis, therefore, to distinguish between the 
notions of rational explanation and putting yourself in the agent’s position. 
If we do this, Dray’s formulation of the Verstehen doctrine can be given two 
separate interpretations: 

(2.1) Only by putting yourself in the agent’s position can you under- 

stand his action. 

(2.2) Only by giving (or being given) a rational explanation can you 

understand his action. 
Dray presumably holds both (2.1) and (2.2), but it is possible to subscribe 
to one without subscribing to the other. 


2 INTERNAL AND EXTERNAL UNDERSTANDING 


Before we evaluate theses (2.1) and (2.2) it is necessary to say a few words 
about the notion of understanding something.1 An adequate account of 
this notion is not at present available. For our purposes, however, one is 
not needed. What is needed is recognition of the fact that a given thing— 
the thing to be understood—can be treated in two quite different ways 
and that, depending on how it is treated, quite different sorts of under- 
standing can be had of it. On the one hand a given thing, X, may be treated 
as a whole, a unity, and understanding it may involve connecting or 
relating it to something else, something apart from it. On the other hand, 
X may be taken in isolation—that is to say without relating it to other 
things, treated as a composite, and understanding it may involve singling 
1 It should be noted that I am talking here about understanding something and not about 

being understanding toward someone. This latter notion is, I think, relevant to a discussion 


of the Verstehen doctrine but limitations of space prevent our pursuing its relevance 
here. 
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out and relating parts or aspects of it. A work of art is often treated in this 
latter way where understanding is concerned: it is taken by itself, parts or 
elements are singled out for attention, and relationships are sought. 
All sorts of events are often treated in the former way: an event is taken 
aS a unity, is related to another event, e.g. one thought to be the cause, 
and a relationship between the two distinct entities is pointed to, e.g. 
a causal one. 

Let us call the sort of understanding that takes something X as a unity 
and relates it to something else external understanding, and let us call the 
sort of understanding that takes X as a composite, singles out parts or 
aspects of X, and discovers relationships between them internal under- 
standing. It should be readily apparent that whether a given thing is treated 
as a unity, that is as a simple whole, or as a composite, that is as a complex 
whole, depends on one’s interests and purposes and point of view. Thus, 
it does not follow from the fact that one has external understanding of an 
engine seizure and internal understanding of a novel, that one does not 
or could not also have internal understanding of that engine seizure 
and external understanding of that novel. One could, for example, 
connect the novel up with other novels or with the novelist’s life or with 
the social conditions of the times, etc., and, other things being equal, 
have understanding of it. One could view the engine seizure in isolation 
and, other things being equal, understand it by singling out parts and, 
for example, seeing how they interact. 

It should also be readily apparent that although two people may both 
have internal understanding of a given thing, X, their understanding 
may be different. We never understand a thing per se; rather, we understand 
it under some description. Thus, for example, we may describe the same 
‘chunk of reality’ as a war, a civil war, a revolution. Given different 
descriptions of some ‘chunk of reality’, then, there is room for variation 
in people’s understanding. For what is taken as a part or element of X 
may vary according to the way X is described, so that under different 
initial descriptions X may be taken to have different parts. For example, 
if X is described as a war, battles may be singled out as its parts; if it is 
described as a revolution, social relationships and class behaviour may 
be singled out as its parts. It should not be thought, however, that for any 
given description, D, of a given thing, X, there is one and only one set of 
parts or elements of X. There is no reason why X under D cannot be 
broken down into quite different sets of parts. Thus, if something is 
described as a sonata, its parts may be taken to be its several movements, 
but other parts could be singled out, e.g. its rhythm, melody, harmony, 
texture. 


58 Jane R. Martin 


If many factors combine to afford the possibility of wide variation in 
people’s internal understanding of a given thing, X, they combine also 
to afford variation in their external understanding of X. Quite naturally, 
given different initial descriptions of X, people’s external understanding 
of X will be different. But even given the same initial description of X, 
it is possible to connect X to different things and to see different connections 
between X and these things. Thus, it is possible for two people to differ 
in their external understanding of X although they agree in their initial 
description of X. 

Consider, for example, an event like the American Revolution. It can 
be understood externally in terms of its causes and also in terms of its 
consequences. Moreover, it can be understood in terms of things which 
stand to it as neither cause nor effect. Thus to understand the American 
Revolution as, e.g. a civil war would be to relate it to things apart from it 
which were neither cause nor effect. A given thing bears all sorts of relation- 
ships to things outside it and although it is certainly not the case that every 
sort of relationship, if perceived, yields understanding in every context, 
I am not at all sure that any sort can in general be ruled out as yielding 
understanding in some context. External understanding of a given thing, 
X, then, can vary greatly in its details just as internal understanding can. 


3 A THEORY OF UNDERSTANDING ACTIONS 


There is no doubt that one good way to understand an action is in terms 
of a rational explanation of it. This sort of understanding would be a form 
of internal understanding. The action itself would be taken in isolation, so to 
speak, and looked into. Such elements or parts of the action as the agent’s 
goal, his beliefs about means, his beliefs about his circumstances would 
be singled out for attention. These elements or parts of the action would 
be related to one another in the way that the parts of a plan or calculation 
are related. So far so good. The only question to raise about (2.2) is whether 
this is the only way to understand an action. 

Let us grant all the things Dray wants us to grant about human behaviour: 
that it is rule-governed, that it is meaningful, that it has a point. It follows 
neither that we can only have internal understanding of actions nor that 
the only internal understanding we can have involves the singling out of 
the aforementioned elements and relationships. Actions, like everything 
else in the world, bear connections or relationships with things outside 
them, and I see no reason at all for supposing that at least some of these 
1 And, of course, it is possible for two people to agree in their initial description of a thing, 


X, but for one to have internal understanding of X and the other to have external under- 
standing of X. 
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relationships could not in certain contexts be illuminating. As a matter 
of fact, we do at times consider it to be illuminating to be shown the 
connection between an action and some antecedent event, e.g. a childhood 
experience, or some standing condition, e.g. a state of society or of an 
individual, and we also consider it illuminating on occasion to be shown 
that an action fits into a larger context, e.g. a historical trend, or falls under 
some interesting and surprising category.! 

The Verstehen doctrine as formulated in (2.2) in effect claims that ex- 
ternal understanding is inapplicable to human actions.? Dray’s arguments 
for this position, however, are few and far between. Thesis (r), that there 
can be no causal explanations of human actions, may be thought to supply 
support for (2.2), but then Dray does not advocate (1). Moreover, we may 
grant the truth of (1) without granting that external understanding of 
human actions is impossible. For even if there can be no causal explanations 
of actions, external understanding is not thereby ruled out. On the one 
hand, actions can still be classified as something else, can still be related to 
their effects, can still be related to non-causal antecedent conditions, and 
so on. Moreover, thesis (1) does not maintain that actions have no causes at 
all, but only that no causal explanations can be given for actions. 

It is important to remember that the denial of (2.2) does not commit 
one to the thesis that external understanding of actions is complete under- 
standing. This thesis is surely false, taken in the natural sense of denying 
the possibility of further understanding that is not external. To say that 
there can be external understanding of actions is not to say that there 
can only be such understanding or that such understanding is sufficient 
or that it is the best sort. To deny (2.2) is to make the very modest claim 
that external understanding of actions is possible. It is for this reason that 
one may grant the truth of (1) if one wishes—one may even go further 
and grant that actions have no causes—while denying that (2.2) is true. 
For neither causal explanation nor even the existence of causes is 
necessary for external understanding. External understanding can take 
many different forms. 

An argument Dray might adduce in support of (2.2) is that to have 
external understanding of an action is to take the spectator’s point of view 
and that one must take the agent’s point of view if one is to understand an 
action. Let us for the moment grant Dray’s .distinction between the 


1 This last would, I suppose, constitute understanding what, hence it would be compatible 
with an interpretation of the Verstehen doctrine as a theory of understanding why he 
did what he did. As the other examples illustrate, however, some cases of external 
understanding would not be compatible with this narrower theory. 

? As we will see, it also claims in effect that many forms of internal understanding are 
inapplicable. 
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agent’s and spectator’s point of view. We may then ask why we must take 
the one point of view toward actions rather than the other. We are sometimes 
told that we are ina privileged position relative to human actions (as opposed 
to stones and stars) because we ourselves are agents. But supposing this 
is true, it does not follow from the fact that we can take the agent’s point 
of view in connection with actions but not other things, that we must take 
it. What follows is that actions, unlike other things, are open to a double 
viewpoint. If so, and if to have external understanding is to take the spec- 
tator’s point of view, then external understanding of an action would 
not by itself be complete understanding. But, of course, neither would the 
understanding specified by (2.2) be complete understanding. 

It is normally taken for granted that our understanding of a thing will 
increase if we look at it in different ways. There is no reason why actions 
should be an exception to this dictum. Indeed, one would suppose that 
just because we ourselves are agents, it would be illuminating to get some 
other perspective on human actions. The Verstehen doctrine is disturbing 
in its implication that human actions are forever exempt from scrutiny 
except from one particular viewpoint. To say that we are in a privileged 
position with regard to actions as opposed to stones is one thing: to hold, 
as the doctrine does, that actions are in a privileged position with regard 
to us is something else. If we could not take a spectator’s point of view 
toward actions they would be doubly different from stones and stars. 
Now Dray and other Verstehen theorists do not deny that we can take the 
spectator’s point of view toward actions, just as we can toward stones 
and stars; they simply deny that such a point of view can yield understand- 
ing, and this, it seems to me, is simply arbitrary. 

Now it might be argued that the Verstehen doctrine on some formulat- 
ions, if not on Dray’s, does not deny absolutely that the spectator’s point of 
view can yield understanding, but holds merely that understanding acquired 
from this viewpoint ‘presupposes’ or is ‘parasitical’ upon understanding 
acquired from the actor’s viewpoint. Perhaps in attributing to Dray the 
position that the possibility of such understanding is ruled out completely, 
I may be doing him an injustice. But even so, this apparently more moder- 
ate position seems to be no more defensible. To be sure, we are now 
allowed to look at actions from a double viewpoint, but we are still denied 
all hope of understanding if we do not take the agent’s viewpoint. The 
agent’s viewpoint, if not now the only legitimate one, is still the privileged 
one. But is it really the case that one who sees an action as a resultant of 
various social forces must also give a rational explanation or put himself 
in the agent’s position if he is to understand it? That one who looks to 
child rearing patterns in an effort to understand an action is doomed to 
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failure unless he also puts himself in the agent’s position or gives a rational 
explanation? So far as I can see, this position, albeit moderate, is still an 
arbitrary one. 

If (2.2) is to be condemned for being unduly restrictive, (2.1) must be 
condemned on the same grounds. For it, too, rules out external under- 
standing. Indeed, it also rules out various forms of internal understanding, 
although it is perhaps not as restrictive in this respect as is (2.2). It will 
be recalled that a thing is never understood per se, but rather under some 
description and that alternative descriptions can be given for any parti- 
cular thing. Now the Verstehen doctrine, as represented by theses (2.1) 
and (2.2) requires not only that actions be understood internally but that 
they be understood under a particular initial description, namely the one 
the agent himself would give. Thus, for example, if an agent himself 
describes what he is doing as restoring the glory of Spain, we must under- 
stand his action under this description rather than, say, the description 
‘massacring innocent Basques’. Otherwise we could scarcely give his 
rationale for his action as (2.2) requires or put ourselves in his position 
as (2.1) requires. 

Theses (2.1) and (2.2) restrict the sort of internal understanding we can 
have of actions, then, in that they limit the sort of initial description under 
which we can understand them. Now as we have seen, the initial descrip- 
tion, D, given of a thing, X, does not uniquely determine the parts of X 
to be singled out for attention. However, (2.2), in making a rational 
explanation necessary, in effect specifies these parts: the agent’s goal, 
his beliefs about means, his beliefs about his circumstances, and so on. 
It, therefore, rules out the possibility of internal understanding of an 
action under the description the agent would give but involving the singling 
out of non-rational elements of the action, e.g. the agent’s feelings, his 
emotions, his crazy impulses. In this respect (2.1) is more liberal: to 
single out for attention the agent’s feelings and the like is compatible 
with taking his position. But (2.1) is by no means liberal enough, for it 
presumably would rule out a priori someone’s selecting as the parts of the 
action features of the situation the agent himself fails to see, e.g. the agent’s 
unconscious motives. 

Actually, the distinction which Dray and many others draw between the 
point of view of the agent and the point of view of the spectator is in 
many ways misleading. The impression is usually given that the spectator’s 
point of view is unitary when actually the spectators of an action can be a 
varied lot, each one having quite different understanding of the action. 
Some spectators might single out external relationships for attention, 
others might single out internal relationships. Thus, it is not even possible 
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to construe the spectator’s point of view as that which yields external 
understanding. The impression given by Dray, moreover, is that to single 
out the agent’s plan is to take his point of view. By Dray’s own admission, 
however, the agent need not himself have consciously formulated a plan; 
a rational explanation can be a construction, not a reconstruction. But 
then, his notion of the agent’s point of view does not involve taking the 
real agent’s point of view at all. Indeed, in some cases at least there would 
be no difference between the point of view of Dray’s agent and the point 
of view of a particular sort of spectator. 

One suspects that Dray’s agent, at least where rational explanation is 
concerned, is very close to being a non-technical spectator and that it is 
only the technical or theoretically minded spectator that Dray wants to bar 
from all possibility of understanding human actions. Hence, his drawing 
of the line at the agent’s point of view. It would seem, however, that 
distinctions need to be made within the class of spectators’ viewpoints, 
and that Dray himself has allowed at least one sort of spectator to under- 
stand performances. 

To put oneself in the agent’s position, the requirement of (2.1), is, 
presumably, to take the agent’s point of view. Dray could be interpreted, 
then, as holding that understanding an action requires taking the point 
of view of one particular sort of spectator, namely the sort who tries to 
construct the plan. Yet this leaves out of the picture a great variety of 
spectator viewpoints each able to illuminate actions in its own way. 


4 A THEORY OF HISTORICAL UNDERSTANDING 


So far I have interpreted Dray’s reformulation of the doctrine of Verstehen 
as applying quite generally to the understanding of actions. It may be 
the case, however, that it is intended to apply only to the understanding 
of actions in a specific context. Dray may be willing to grant that actions 
cannot only be explained without empathic understanding, but can also 
be understood without empathic understanding. His claim may be the 
relatively weak one that it is necessary only for one sort of understanding. 

Many supporters of the Verstehen doctrine would object to this weak- 
ened version of it on the grounds that the doctrine has ‘logical force’ 
in relation to the understanding of actions in general. Dray’s primary 
concern, however, is with historical explanation and understanding, and 
he does at times seem to be upholding a more limited version of the doctrine. 
Dray’s version of the doctrine, when limited to the historical context 
can be formulated as follows: 

(3) Only by putting yourself in the agent’s position can you have 

historical understanding of his action. 
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For reasons set forth earlier (3) can be broken down into two distinct theses: 

(3.1) Only by putting yourself in the agent’s position can you have 

historical understanding of his action. 

(3.2) Only by giving (being given) a rational explanation can you have 

historical understanding of his action. 

Let us consider theses (3.1) and (3.2). There is no doubt that in certain 
contexts certain ways of understanding things have preferred status. 
Thus, the anthropologist seeks to understand things in terms of their 
structure and function while the lawyer is forever searching for precedents. 
In the one case preferred status seems to be conferred by scientific, or quasi- 
scientific, theory; in the other case preferred status seems to be conferred 
simply by tradition. The historical context would seem to be more like 
the legal one than the anthropological one: there is no scientific theory 
conferring preferred status on either rational explanation or on the agent’s 
point of view, but perhaps this status is conferred by long-established 
practice. To determine whether or not it is, hence whether or not (3.1) 
‚and (3.2) are true, requires, then, an extensive examination of historical 
practice. For the claims of (3.1) and (3.2) are ultimately factual ones: 
to determine their truth we must study the conditions under which histor- 
ians and readers of history say ‘I understand’. 

Now it may be argued that the theory of Verstehen, although not 
scientific, is epistemological and that as such it does confer preferred status 
on putting oneself in the agent’s position and on the act’s rationale. 
It is true that, in so far as the theory is an attempt to clarify the notion 
of understanding actions, it is, or at least is intended to be, epistemological. 
But a proponent of (3.1) and (3.2) cannot appeal to this epistemological 
theory, in order to justify giving preferred status to empathy as a way of 
understanding actions, without begging the question. It is this theory 
whose validity is at issue. An appeal to it, therefore, does nothing 
to increase the warrant for the view that in the historical context 
actions must be understood in the way specified by (3.1) and (3.2). Similarly, 
if the validity of Freudian theory is questioned, it will not suffice to justify 
understanding dreams in relation to their latent meaning by appealing 
to that theory. 

How is one to study the conditions under which historians and readers 
of history do in fact say ‘I understand’? One way is to observe historians 
carefully, note when they say ‘Now I understand’ or something equivalent, 
and see what conditions obtain. Another way is to examine historical 
writing and see if the conditions specified by (3.1) and (3.2) are fulfilled 
there. For we may assume that, if putting yourself in the agent’s position 
and giving or being given a rational explanation are necessary conditions 
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of historical understanding, the historian’s writing will reflect this. After all, 
by means of his writing he hopes to enable his readers to understand. 
It is reasonable to assume that he wants them to gain historical understand- 
ing, and that he will do what is necessary to achieve this. 

We cannot undertake an investigation of this sort here, but the reader 
is urged to launch his own tests of (3.1) and (3.2). On the face of it, it 
seems easier to test (3.2) than (3.1). In the case of (3.2) all that is needed 
is to make an ‘objective’ observation, i.e. see if a historian does in fact give 
rational explanations of actions. But in the case of (3.1) how is one to know 
if he has in fact put himself in the agent’s position? And supposing this 
to be no problem, we must note that since readers vary in their ability to 
put themselves in another’s position, a given work may fulfil (3.1) relative to 
some readers but not relative to others. 

Thesis (3.2) is not quite so easily tested as one might suppose, however. 
How much of the agent’s calculation must be presented if an explanation 
for the reader is to qualify as a rational explanation? Is it sufficient for 
the historian to refer to one aim of the agent, or give one reason, or is 
more than this required? Yet perhaps this is not so great a problem as it 
seems. One must expect to find borderline cases as well as easily decidable 
cases. A more serious problem of testing arises because (3.2) and, for that 
matter, (3.1) are not theses about historical understanding in general 
but rather about historical understanding of actions." Where actions 
are not at issue in a historical work, then, we seem not to have a testing 
ground for (3.1) and (3.2).? 

More needs to be said, however, about testing the Verstehen doctrine of 
historical understanding in the face of historical works which seem not 
to deal with actions. When we find the historian discussing the revival 
of commerce, the ascendency of towns, the rise of a merchant class, we are 
tempted to say unequivocally that he is not dealing with actions at all and 
that such works constitute no rebuttal to theses (3.1) and (3.2). But let us 
recall that things are always understood under some description and that 
for any object of ünderstanding alternative descriptions are available. 
We have no guarantee that what the historian has described as ‘the 
revival of commerce’ or as ‘the rise of the merchant class’ could not have 
been described by him in such a way that we would take him to be 


1 That is to say, they are not theses about historical understanding in general unless one 
were to hold that actions alone are the historian’s proper subject matter. R. G. Colling- 
wood, 1956, part 5, for one, appears to take this position. Dray, however, rejects Colling- 
wood’s stand on this matter; see Dray, 1964, p. 13, and 1963, pp. 105-6. 

* Except in so far as the non-fulfilment of (3.1) or (3.2) in the case of a non-action could 
be said to constitute confirmation of (3.1) or (3.2). In this connection see Israel Schefller’s 
discussion of the paradoxes of confirmation (1963, part 3). 
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talking about actions; that what one historian has described as ‘the 
landlords abolished or modified serfdom’, could not have been described 
by another as a non-action, e.g. as ‘serfdom changed or disappeared’. 
The point is that whether or not something qualifies as an action depends 
on the description given of it and that in some cases, at least, both action 
and non-action descriptions can legitimately be given. Consciously or not, 
the historian chooses the description under which we are to understand 
a given thing, X. If he chooses a non-action description, what are we to 
say about theses (3.1) and (3.2)? 

If no action description were available for a given thing, X, then I 
should think it would be correct to conclude that failure to put oneself in 
the agent’s position and to give a rational explanation did not count 
against (3.1) and (3.2). Were such a description available, however, I 
am not so sure that such failures could justifiably be ignored. In the last 
section we interpreted (2.1) and (2.2) as requiring that the initial description 
under which X was understood should be the description the agent himself 
would give of X. Now in those cases in which the historian gives a non- 
action description of X, although an action description is available, he 
is most likely, although perhaps not necessarily, failing to describe X 
as the agent himself would describe it. But then accounts of the dis- 
appearance of serfdom, the rise of commerce, and the like would most 
likely constitute counter-examples to (3.1) and (3.2). 

Of course we can reject this interpretation of (2.1) and (2.2), hence of 
(3.1) and (3.2). We can refuse to look behind the historian’s initial de- 
scription and say that if he gives a non-action description of X that is all 
that matters: for all intents and purposes X is not an action and (3.1) and 
(3.2) are unaffected by the historian’s failure to put one in the actor’s 
position and to give a rational explanation of X. This interpretation will 
serve to ward off numerous potential counter-examples to (3.1) and 
(3.2), but it will do so at a price. The Verstehen doctrine will on this 
construal be hypothetical. In effect it will say: if the historian views some- 
thing as an action, he can only have historical understanding if he does 
such and such. Since it will not require him to view things as actions even 
if the ostensible agents of them did, it will be compatible with his taking 
standpoints the agents never dreamed of. 

The question is not whether the doctrine so interpreted is correct or 
praiseworthy but whether it captures the intent of Verstehen theorists. 
I have my doubts on this latter score. For one thing, Verstehen theorists 
normally talk as if historians deal primarily, if not exclusively, with actions. 
Yet on this interpretation I think we would find that although some 
historical works are filled with action descriptions, in others they appear 
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infrequently if at all. Moreover, on this interpretation the Verstehen 
doctrine allows the historian in describing human behaviour to use 
technical and theoretical concepts. But this surely is at odds with the 
programme of which the doctrine is a part, namely that of drawing a 
sharp line between history and the sciences.1 I do not think Dray is 
advocating this hypothetical version of (3.1) and (3.2), but if he is he would, 
I think, be well on the way to abandoning the ‘core’ he wants to preserve 
of traditional formulations of the doctrine. 

Let us assume now that the problems we have been discussing in connec- 
tion with testing (3.1) and (3.2) against historical writing are resolved. 
One caution is still in order. (3.1) and (3.2) specify necessary, not sufficient, 
conditions for historical understanding. Thus, on the one hand one cannot 
assume that because they are met by a work, that work actually provides 
historical understanding; and on the other hand one cannot assume that 
because a work does not provide historical understanding they have not 
been met. We originally put the test of (3.1) and (3.2) in terms of discover- 
ing the conditions under which a historian or reader of history says 
‘Now I understand’. There is nothing wrong with this as long as we keep 
in mind that (3.1) and (3.2) do not purport to give us all the conditions 
under which he says this and that his failure to say this cannot itself be 
held against (3.1) and (3.2). 

Dray should be pleased to find us asking for studies of historical practice, 
for along with many other contemporary philosophers of history he prides 
himself on sticking fairly close to what the historian actually does, and 
criticises his opponents for imposing their own preconceived ideas on 
historical practice instead of taking it at face value. I myself am far from 
convinced, however, that a study of historical practice will yield the 
results Dray apparently expects. As everyone knows, but as those philoso- 
phers and historians who write about history tend to forget, history is 
immensely various. I would expect to find theses (3.1) and (3.2) gaining 
confirmation from some but not all historical practice. That is to say, I 
would expect these results provided that the investigation ranged over 
the whole of what is naturally called historical practice. 

It is all too easy to stack the evidence in favour of these theses by ruling 
out—as bad, perhaps, or as parasitic or as non-primary or as non-standard 
1 See Morton White, 1965, p. 184, for a brief account of some methodological implications 

of the position he calls moralism, a position which bears a close resemblance to the 
Verstehen doctrine as formulated here in (3.2). It should be noted in this connection 
that White is perhaps more generous toward moralism than I am being toward the 
Verstehen doctrine. He points out that historians explain things other than actions (he 
is interested in it as a doctrine of explanation, not understanding), but does not hold 


non-action descriptions of the historian’s subject matter against moralism as I am 
suggesting they should be held against the Verstehen doctrine. 
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—all sorts of practice which, if included in the sample, would tend to 
refute theses (3.1) and (3.2). Unless there is some independent criterion 
for ruling out a particular sort of practice as not being historical, Dray and 
other advocates of the Verstehen doctrine, as represented by these theses, 
must rest content with an investigation which studies a wide-ranging 
sample of historical practice. Such a sample, may, of course, make it 
difficult for theses (3.1) and (3.2) to survive their testing by the real world, 
but such is the fate of theses of this sort. Had theses (3.1) and (3.2) been 
claiming merely that putting oneself in the agent’s position, etc., was one 
way to understand actions historically, they would, needless to say, have 
an easier time of it when confronted by the facts of practice. But then, of 
course, the doctrine of Verstehen would lose much of its interest; for 
surely it is the very lack of modesty of its various claims that on the one hand 
endangers its truth but on the other hand makes it worthy of discussion 
and extended investigation. 

Harvard University 


REFERENCES 


COLLINGWOOD, R. G. (1965) The Idea of History. New York: Oxford. 

Dray, W. (1957) Laws and Explanation in History. London: Oxford. 

Dray, W. (1963) The historical explanation of actions reconsidered. Philosophy and 
History. Ed. S. Hook. New York University Press. 

Dray, W. (1964). Philosophy of History. Englewood Cliffs, N.J. : Prentice-Hall. 

Hempst, C. G. (1963) Reasons and covering laws in historical explanation. In S. Hook 
(1963), Ed.: Philosophy and History. New York University Press. 

HEMPEL, C. G. (1965) Aspects of Scientific Explanation. New York: The Free Press. 

Hook, S., Ed. (1963) Philosophy and History. New York University Press. 

Popper, K. R. (1957) The Poverty of Historicism. Boston: Beacon Press. 

RUDNER, R. (1966) Philosophy of Social Science. Englewood Cliffs, N.J.: Prentice-Hall. 

SCHEFFLER, I. (1963) The Anatomy of Inquiry. New York: Alfred A. Knopf. 

Wars, M. (1965) Foundations of Historical Knowledge. New York: Harper & Row. 


Brit. $. Phil. Sci. 20 (1969), 69-80 Printed in Great Britain 69 


Discussions 


MEANING VARIANCE AND THE COMPARABILITY OF 
THEORIES 


I 
The central problem to emerge from the controversy between Positivism and the 
‘new empiricism’ of Thomas Kuhn and Paul Feyerabend is the problem of the 
comparability of different scientific theories. Its solution promises to elucidate 
the sense in which theories may be said to compete and the justification for pre- 
ferring one theory to another, and thus provide a satisfactory analysis of the 
notion of scientific progress. But the interest which this problem commands is 
actually quite recent and results at least in part from a peculiarity of the contro- 
versy. Both of the opposing philosophical positions are concerned primarily 
with the relations between theory and observation, and neither sees compara- 
bility as a genuine problem. Nevertheless, the two positions lead to radically 
different views of comparability, and in fact the debate between them can be 
fairly well expressed in terms of these views. 

Thus for Positivism there is no question of analysing the relations between 
competing theories. It is required only to invent a procedure for comparing 
theories. And this invention is an immediate consequence of a solution to the 
problem of confirmation. For Kuhn and Feyerabend the emphasis is on the 
autonomy and complete empirical adequacy of individual theories. Different 
theories are held incomparable. And although Feyerabend stresses the importance 
of theoretical competition, his interest is in competition between equally adequate 
theories, and in his major writings he treats such competition as completely 
unproblematical. To the criticism that theories cannot be at once incomparable 
and competing, Feyerabend has responded by upholding incomparability.! 

One or the other of these positions on comparability is inescapable if one 
follows Positivism or Kuhn and Feyerabend in upholding a rigid view of the 
relation between observation and theory. The independence of observation 
from theory guarantees that theories using the same observation terms be com- 
parable. The dependence of observation upon theory precludes the compara- 
bility of theories. For the positivist there are terms which necessarily have the 
same meaning in different theories. For Feyerabend no term can possibly have 
the same meaning in different theories.? Thus there can be no problem of 


1 Feyerabend (1965) discounts the significance of comparability in terms of consistency or 
derivability for theoretical competition and appears to acknowledge that such relations 
between theories are impossible on his conception of the nature of theories. Arthur Fine 
agrees with this interpretation of Feyerabend’s recent writings (Fine, 1968). 

% There must be some hesitation in ascribing such a strong form of meaning variance to 
Feyerabend in view of certain statements he has made which may seem to imply that in 
some cases, at least, meaning retention is a possibility. Thus the Copenhagen interpreta- 
tion of quantum mechanics, which Feyerabend upholds as a physical hypothesis (cf. 
Feyerabend, 1962) insists that such terms as ‘space’, ‘time’, and ‘mass’ retain their 
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deciding whether or not meaning is retained in transitions between theories or of 
formulating conditions under which a term can be said to have the same meaning 
in different theories. But if one rejects a rigid view of the relation of observation 
to theory, this is a problem. And the question of comparability which arises from 
it becomes a problem as well. 


2 


Arthur Fine’s recent contribution to this issue (Fine, 1967) seems very promising, 
but several difficulties arise in understanding it. Mary Hesse’s reply (Hesse, 
1968) makes it clear at least that until these are straightened out, Fine’s criterion 
is open to a charge of fundamental inadequacy. I want to argue that Fine’s 
approach is correct and can be sufficiently refined to withstand Hesse’s criticism. 
All references to Fine and Hesse are from these essays. 
Fine sets out his suggestion by claiming that 
when term S in theory T is carried over into the theory T’, the following circumstances 
are present: 
(1) There is a characterisation of S in T that is 
(a) both meaningful and true in T’, and 
(b) such that, in appropriate and typical situations in which T is employed, this 
characterization could be offered as a definition of S or as an explanation of what 
S means in T. 


(2) There are conditions C that can be formulated in T’, such that 
(a) objects of T” that satisfy C are suitable objects for T; 
(b) (i) if S is a predicate term, then, whenever objects satisfying C satisfy S in T, 
they satisfy S in T’; 
(ii) if S is an operation term, then the result in T of applying S to objects satis- 
fying C is the same as the result in T” of applying S to the same objects; 

(iii) if S is a term for a magnitude and v is the value of S applied to object O in T 
and if v’ is the value of S applied to object O in T’, then to each number e >o 
there corresponds conditions Ce satisfying (2a) such that |v-v’| <e whenever 
object O satisfies Ce. (Fine (1967), pp. 2378). 

What I take to be the main difficulty in understanding Fine’s criterion is 
raised by Hesse (1968, p. 47) when she inquires as to the interpretation of 
clause (25). ‘It might at first be suggested that this “whenever” is a logical 
condition; that is, that when objects satisfy C and S in 7, the relation between 
T and T” is such that it is entailed that they satisfy S in T”. Indeed it is not clear 
whether the criterion as a whole is being offered as an analysis of what counts as 
retention of meaning (or of sufficient meaning to accommodate logical com- 
parability) so that to withhold identity of meaning from cases which satisfy the 
criterion would be a logical mistake, or simply as a delineation of important 
conditions which as a matter of fact obtain when (whenever?) meaning is retained. 


classical meanings throughout future theoretical change in microphysics. And several 
quotations from Feyerabend collected by Dudley Shapere (1966, pp. 53-5), suggest that 
strict meaning variance between theories is a fact rather than a necessity. But this hesita- 
tion is quickly overcome on pain of forfeiting any coherent account of Feyerabend’s 
views at all. For sameness of meaning is the only criterion Feyerabend ever offers for 
sameness of theoretical context. If this connection is abandoned, Feyerabend’s use of the 
word ‘theory’, the most important word in his philosophy of science, is completely 
unintelligible. 
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Both interpretations are suggested in Fine’s paper. Thus Fine (1967, p. 232) 
says that his program is to provide ‘a proper analysis of what actually occurs in 
the transition from one scientific theory to another’. But later (p. 237) we learn 
that the circumstances which obtain when a term is retained in theory transition 
and which are described in his criterion ‘themselves provide the rational for 
retaining the term and... permit the comparison of theories with regard to 
derivability and consistency’. Bringing these suggestions together it would appear 
that Fine intends his criterion as at least logically sufficient for comparability and 
so for meaning retention, and as in fact fulfilled in most cases where meaning is 
retained. The question of logical necessity is left open. This is how I would urge 
that the criterion be understood. 

Mary Hesse (1968) begins her criticism by rejecting this interpretation. 
Fine’s criterion cannot be offered as a logically sufficient condition for retention 
of meaning between theories since taken this way it presupposes that distinct 
theories can be so related as to contain terms in common. However, says Hesse 
(p. 47), ‘the possibility of logical relations between (theories) T and T’such that a 
term S can be taken to be the “same term” in both is precisely what is at issue’. 
I hope that my introductory remarks have made it clear that this is decidedly not 
what is at issue. Fine has devoted the first two sections of his paper preceding the 
presentation of his criterion to discussing this issue. He finds that none of 
Feyerabend’s arguments for strict meaning variance—the view that the nature 
of theories is such that the same term cannot appear, or cannot have the same 
meaning, in distinct theories—is successful. The conclusion is that relations 
between theories such that the same term may appear in each is, at the very least, 
a possibility. It remains to discover whether or not such relations in fact obtain. 
They may not, ‘such meaning variance might very well occur... and the con- 
sequences, though “paradoxical”, may be quite correct’ (p. 238), but the matter 
cannot be prejudged, as Feyerabend would prejudge it, on the basis of an inde- 
pendent analysis of the nature of scientific theories. 

Fine’s suggestion is that the way to discover whether or not such relations 
obtain in fact, whether or not meaning is retained in transitions between scientific 
theories, is to see whether or not the conditions described in his criterion are in 
fact met in specific cases. Of course, as Mary Hesse observes, the only way the 
criterion can accomplish this is that it be a logical (at least logically sufficient) 
condition of meaning retention. Otherwise, she says (pp. 47-8), ‘it would then 
be open to the meaning-variance theorists to claim that in all cases where different 
theories are ‘about’ the same set of objects, there is non-substitutivity, and such a 
move could not be countered in terms of... (Fine’s) criterion’. But Hesse’s 
argument to the effect that the criterion cannot be a logical condition is invalid. 


3 


What is to be made, then, of Hesse’s counter-example? She describes two 
theories T and T” in each of which four predicates are characterised in terms of 
disjunctions of mutually exclusive properties. She supposes certain conditions 
formulated in 7” in such a manner that the predicates of each theory are ascrib- 
able to any object fulfilling these conditions. Laws are then introduced for each 
theory which relate certain of the predicates in such a manner as to be satisfied 
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by all objects fulfilling the conditions. Referring to Fine’s criterion we may now 
let Sin T and T” be predicates so chosen from T and 7” that condition (25) of the 
criterion is satisfied. Obviously conditions (14) and (2a) are also satisfied for this 
selection of S. Hesse is somewhat vague about the specification of S. Several 
predicates are at hand and not all choices will satisfy (25). However, as Hesse 
explains (p. 49), it must not be thought that the absence of typographically 
identical terms in T and T’ prevents the application of Fine’s criterion. A term 
may retain typographical identity and yet change in meaning. And certainly 
typographical identity is not necessary for meaning retention. 

To complete the example it remains for Hesse to make two claims. First she 
argues that condition (1a) is satisfied so that Sin T and T’ satisfies the criterion 
as a whole. Next she argues that the retention of meaning of S from T to T” and 
the comparison of T and T’ to which Fine is thus committed are impossible. If 
these claims are upheld, T and T” certainly provide a counter-example to Fine’s 
thesis as I have argued that this thesis be understood. However, the claims are 
incompatible and cannot be upheld together. This can be seen from Hesse’s 
arguments for them. 

Consider the first argument (Hesse (1968), pp. 47-8). Hesse allows that the 
characterisation of the predicates in T ‘cannot be said to be both meaningful and 
true in T” but claims that this objection ‘cannot be raised within the terms of the 
problem’. Since the ‘ “characterization” is supposed to be internal to T... we 
cannot claim to know the meanings of the terms employed independently of T 
without begging the question at issue’. We are therefore unable to point out, 
against the satisfaction of (1a), that the ‘characterization we have given in 7” is 
quite different from that in T’. And we have no way of showing that (1a) is not 
satisfied. 

Notice that even if this argument is accepted, the most that must be acknow- 
ledged is that condition (1a) cannot be shown to be violated by Hesse’s example. 
The argument does not support the conclusion that (1a) is satisfied, which is the 
conclusion that Hesse requires. On the contrary, the argument counts equally 
against this conclusion as it does against the claim that (1a) is violated. If we 
cannot understand a characterisation of a term in T independently of T because 
this characterisation is “internal to T”, how can we know that this character- 
isation is ‘both meaningful and true in 7”? So even if Hesse’s first argument is 
accepted, the conclusion that (1a) is satisfied need not, and, in fact, cannot, be 
drawn. 

But suppose we do accept it and we follow Hesse in assuming that T and 7” 
satisfy (14) and the other conditions of Fine’s criterion. Do T and T” then 
provide a counter-example? Hesse claims that they do on the grounds that a 
statement can be formulated in T using S in T and a statement can be formu- 
lated in T’ using S in T” such that the two statements must be inconsistent 
according to Fine (1967, p. 239) and the terms S in them must share sufficient 
meaning (be substitutible, according to Hesse) to permit this comparison. ‘But,’ 
says Hesse (p. 49), ‘clearly in any normal sense the terms are not substitutible and 
the statements are not inconsistent’. Just how has Hesse managed to find this 
out? She has just finished explaining in her plea for the satisfaction of con- 


3 Mary Hesse describes her example in detail on page 48. But the details are unimportant 
as it is clear that the conditions I have described can be met in any number of ways. 
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dition (1a) that ‘within the terms of the problem we cannot know that the 
characterisation of S in 7” is different from that in T’. How, then, can we pre- 
clude substitutivity or inconsistency in the “normal sense”? Obviously the 
characterisations in T and T” are different, but this just goes to show that (1a) is 
not satisfied. Hesse’s arguments are incompatible and she has failed to provide a 
counter-example to Fine’s criterion. 


4 


So far as we can see, then, Fine’s analysis seems successful. But the suspicion 
may linger that while certain possible difficulties in the analysis have been over- 
come, something more in the way of a positive argument is still required if we 
are to accept the criterion in the strong form which I have given it. How can 
satisfaction of the conditions in the criterion force us to conclude that a term has 
the same meaning in distinct theories? 

At least part of the problem is due, I think, to the fact that the idea of retention 
of meaning to which Fine consistently appeals is appropriate only in some of the 
cases to which Fine intends his criterion to apply. Not only are we concerned 
with what occurs in the transition from a theory T (e.g. Maxwell’s theory of 
electromagnetism) to a theory 7” (e.g. Lorentz’s theory of the electron). We are 
also concerned with relations between two competing theories, say T} (e.g. the 
caloric theory of heat) and T, (e.g. the kinetic-molecular theory), which may be 
independently developed and simultaneously held by different parts of the 
scientific community. 

There are differences between these kinds of cases which can have an important 
bearing on relations of meaning. And these differences are likely to be neglected 
by a general thesis, such as Fine’s, connecting shared meaning with relations 
between distinct theories. And they are bound to be neglected if we think of the 
philosophical task of formulating such a connection as a response to the doctrine 
of strict meaning variance characteristic of Kuhn and Feyerabend. Kuhn and 
Feyerabend cannot, for all purposes, be classified together as representatives of 
the ‘new philosophy of science’ (the phrase is Dudley Shapere’s, cf. Shapere 
(1966)). One of the important differences between them is that Kuhn emphasises 
transitions between theories and argues that the sharing of rules and a common 
viewpoint is necessary to the activity of ‘normal science’, while Feyerabend 
insists on competition between incompatible viewpoints at all stages of science 
as a requirement of empiricism. 

In the case of transition from an established theory to a new theory of which 
the old theory is perhaps (in some sense) a limiting case, the development of the 
new theory is typically guided by central tenets of the old theory which have 
proved successful. Thus, Planck assumed the classical connection between 
radiation and mechanical frequency of motion in developing his theory of black 
body radiation, a crucial ‘first step’ in the development of the Bohr model. And 
Sommerfeld assumed Bohr’s quantum postulate in developing his theory of 
electronic motion. In such cases if meaning is changed at all it seems necessary 
to say that meaning has been extended rather than been replaced (Fine distin- 
guishes ‘to acquire new meaning’ from ‘to acquire a new meaning’)—otherwise 
how could the development of these new theories be explained? 
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The natural way of explaining this development is to call attention to pro- 
perties of the entities described in preceding theories which are discovered or 
taken account of in the new theories. Thus Einstein discovered the variation of 
mass with velocity and the equivalence of rest mass and energy. Sommerfeld 
took account of the relativistic effects of electronic motion on the electron’s orbit. 
One could not describe the accomplishments of Einstein and Sommerfeld this 
way without allowing that these theories talk about the very entities or properties 
central to preceding theories. 

Fine’s criterion is initially more persuasive in cases of theory transition where 
we have many reasons, some of them formulated in the conditions of the cri- 
terion, for supposing that a term has been retained, than in the other kind of case 
where relatively autonomous theories compete. Notice that Hesse’s attempted 
counter-example is an example of the latter kind of case. It includes no mention 
of the development of the theories involved or the grounds on which the laws of 
these theories are upheld. And just this makes it seem unnatural that in examples 
like hers meaning might be shared. 

Notice also that Fine makes his strongest statement for the logical status of 
his criterion in connection with examples of the first kind: the transition from 
Dirac’s electrodynamics to recent quantum theories and the operation of chemical 
bonding between classical and quantum chemistry. In these cases the effect of his 
criterion is, he says, ‘to guarantee that at least in some range... some essential 
aspect of the meaning of the term carries over from T to T’ . . . the circumstances 
(i.e. conditions (1) and (2) of the criterion) would seem to provide sufficient 
rational for the retention of the term’ (p. 239, italics mine). 

If the criterion is to be offered as adequate not only for cases of transition 
between theories but also for cases of competition between ‘autonomous’ 
theories (‘where T is not a limiting case of T”), what further argument is re- 
quired? Hesse suggests that what accounts for sameness of meaning of the phrase 
‘is hotter than’ in Fine’s example of these cases (the kinetic-molecular theory 
and the caloric theory of heat) is not the satisfaction of Fine’s criterion but the 
fact that the phrase is ‘descriptive of similar empirical situations’ (p. 51) in the 
two theories. She concludes that in order to account for sameness of meaning 
in general we need to appeal to a (refined) account of the observation language. 

But in important (perhaps the most important) cases, sameness of meaning 
may have nothing to do with similar empirical situations. Consider sameness of 
meaning of the term ‘electron’ in Bohr’s theory and Sommerfeld’s theory, or 
of ‘mass’ in Newtonian mechanics and Special Relativity. The cases most 
significant for the progress of science in which it is important to be able to 
decide between competing theories, and thus to compare them, are cases in 
which the theories disagree about the properties of some ‘theoretical’ entity. 
We must be able to uphold sameness of meaning for the terms used to denote 
these entities. The positivist’s attempt to account for the comparability of 
theories in terms of the observational-theoretical distinction by claiming that 
observational terms are shared cannot succeed. 

There is no profit for comparability in distinguishing observational form 
theoretical terms, and Fine is quite right in applying his criterion to a variety 
of cases which cuts across the distinction. The justification for upholding same- 
ness of meaning between autonomous, competing theories is simply that the 
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very conditions which ‘provide the rationale’ for retaining a term in the transi- 
tion from one theory to another are found to be fulfilled in the case where two 
theories compete. What better reason could there be? And these are the condi- 
tions which Fine’s criterion captures. If, as I have argued, the criterion does 
succeed in providing a sufficient condition for sameness of meaning in cases of 
theory transition, there is no extra problem about other cases. 


JARRETT LEPLIN 
Illinois Institute of Technology 
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ON ‘RAVENS AND RELEVANCE’ AND A LIKELIHOOD 
SOLUTION OF THE PARADOX OF CONFIRMATION 


I AN ERROR IN SOME SOLUTIONS OF HEMPEL’S PARADOX 


In a recent article C. A. Hooker and D. Stove (1968) amplify and criticise a 
solution to the paradox of the ravens discussed by J. L. Mackie (1963). Mackie’s 
discussion was itself based on an earlier account given by H. G. Alexander 
(1958). They argue that Professor Mackie’s account itself gives rise to paradox- 
ical consequences if the universal statement in the problem is taken to be the 
natural language statement ‘All ravens are black’ but is a successful dissolution 
of the problem if the universal statement is the statement of material implication 
(x) [Raven x > Black x]’ or its natural language equivalent ‘Everything is 
either not a raven or black’. It is my contention that Mackie’s account in its 
original form and as amplified by Hooker and Stove contains an error which 
makes it unacceptable as a solution to the paradox of the ravens or any similar 
problem. 

In Mackie’s account we write ‘h’ for the hypothesis ‘All ravens are black’, 
and for the four possible types of observational reports we write ‘b,’ for the state- 
ment “The individual a is a raven and a is black’, ‘bẹ for “The individual a 
is a raven and a is not black’ and ‘b,’ and ‘b,’ respectively for “The individual a 
is not a raven and a is black’ and “The individual a is not a raven and a is not 
black’. In addition we write ‘k’ for our background information that a proportion 
x of things are ravens and a proportion y of things are black, when o<x<y<}. 
We can now calculate the probability of b relative to Å, Pr(b,k), and relative 
to h.k, Pr(b,4.2), obtaining the results tabulated below: 


Probability of bi ba b 


3 
relative to k xy x(1—y) yı-x) (1 -y)(1—-x) 
relative to k.k x o y—x I-y 
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Weare now in a position to apply a principle of confirmation called by Mackie the 
‘Inverse Principle’ and by Hooker and Stove the ‘Relevance Criterion of Con- 
firmation’, which may be formulated as follows: 

b confirms A in relation to k if and only if the logical probability of b relative 

to h.k exceeds that of b relative to k: 

Pr(5,h.2) > Pr(6,k) 

Using this criterion and the table a putative solution to the paradox may be given. 
However, there is something very odd about the calculation of the logical 
probabilities in the first row of the table, for given only the proportionate size of 
the class of ravens and of the class of black objects the computation would be 
impossible. Our background information & tells us only that o<x<y<4 which 
is compatible with any proportion of black ravens within the class of ravens 
whatever. It is clear that the probabilities in the first row cannot be calculated 
without an additional assumption, namely that the proportion of black ravens 
in the class of ravens is the same as the proportion of black objects in the class 
of all objects. Let us call the ‘assumption of indifference’ needed for this cal- 
culation ‘d’. The first row would then seem to be the logical probability of b 
relative to (k.d). This means that the Relevance Criterion cannot be put to work 
because the probabilities being compared are relative to evidence which differs 
in d as well as in A. Nor could we save the position by attempting to calculate 
the second row relative to (k.d.h), for d and h are contradictory: d asserts that 
the proportion of black ravens in the class of ravens is y while h asserts that it is 1. 
Hooker and Stove in their article do in fact make the extra assumption clear. 
They give the following set of assumptions as necessary and sufficient for the 
calculation: 

(a) Pr(Ra,k) = x (d) Pr(Ra,k.h) = Pr(Ra,k) 

(b) Pr(Ba,k) = y (e)  Pr(Ba,k.h) = Pr(Ba,k) 

(c) Pr(Ba,k.Ra) = Pr(Ba,k) (f) Pr(Ba,k.h.Ra) = 1 

(‘Ra’ and ‘Ba’ mean ‘a is a raven’ and ‘a is a black object’ respectively) 
Now the only way we could use the Relevance Criterion would be to assume that 
the first row is calculated relative to & and assumption (a)-(f) while the second 
is calculated relative to (k.h) and assumptions (a)-(f). This clearly will not do, 
for A and assumption (c) contradict, in fact assumption (c) is just another way 
of expressing the indifference assumption d. i 

In passing we may note a peculiarity about assumption (f). All the other 
assumptions are statements which could be false but which are assumed true, 
while (f) is simply a tautology. This is because the hypothesis % is equivalent to: 

(f’) Pr(Ba,k.Ra) = 1 
from which (f) follows. (f) should be replaced by (f’) in the list of assumptions 
. and then we should clearly see the inconsistency of the set. 

Mackie’s discussion is itself an attempt to improve on an earlier account given 
by H. G. Alexander, an account which does not contain the error pointed out 
here for Alexander implicitly uses a likelihood method to choose between A and 
the alternative hypothesis that there is no correlation between the properties of 
being a raven and being black. [This, of course, is another way of formulating 
the indifference assumption d.] Thus Alexander has no need of the Relevance 
Criterion and cannot make the mistake outlined above. 
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2 PRELIMINARY COMMENTS ON A LIKELIHOOD SOLUTION 


In the second part of this article I want to propose a solution to the paradox 
of the ravens which is an extension and amplification of a solution given by 
Reichenbach (1949) but which has been unjustly neglected. It will be realised as 
we proceed that this solution is valid only if we interpret natural laws as a special 
type of statistical hypotheses rather than as strictly universal statements. I have 
nothing to add to the well-known arguments for and against this position except 
to note that if the statistical law interpretation yields a cogent solution to the 
paradox of the ravens then this fact itself is prima facie evidence in favour of 
that account. I shall outline a modified maximum likelihood method for choosing 
between competing hypotheses and then apply it to solving the paradoxes. 

Consider the set of hypotheses of the form: 

Proportion m of objects with property A also have property B 

and some experimental evidence e concerning the members of this set. We re- 
quire some method of using e to select from the set a hypothesis which we will 
accept as the correct one. An intuitively satisfying method is the ‘method of 
maximum likelihood’ which enjoins us to calculate the likelihood of each hypo- 
thesis h in the set on the evidence e, (that is, Pr(e,h)) and to accept the hypothesis 
with the maximum likelihood. This method suffers from two major defects. 
First it does not enable us to estimate the accuracy of our choice. If we sampled 
two objects having property A and found that one only had property B also, 
we would have little confidence in the accuracy of the value assigned to m by 
the most likely hypothesis, i.e. m = -5, because of the small size of our sample. 
Even with a large sample where we had accepted m = +5, say, we might still 
doubt whether this value was the true value of m and not a value close to the 
true one, which might, for example, be m = -4999. Second this method gives 
rise to Hempel’s paradox, for if we sample objects having property ~B only 
and find that all these objects also have property ~ A the maximum likelihood 
method will lead us to accept the hypothesis ‘(*)[~ Bx> ~ Ax]’ and hence its 
logical equivalent ‘(x)[Ax> Bx].’ 

The first difficulty can be avoided if we modify the maximum likelihood method 
by requiring that limits be placed around the value of m which has the maximum 
likelihood in such a manner that the true value of m has a high probability of 
lying within these limits. If the sample is small the limits will be uselessly wide 
while if the sample is large they will be extremely narrow, but—and this is the 
point on which this article depends—they never disappear altogether. That 
such limits can be calculated is non-controversial, and the merits and demerits of 
the different methods of calculating them and the different types of limits will not 
be discussed here. The maximum likelihood method chooses one hypothesis out 
of the set and assumes that it is the correct one; the modified likelihood 
method places limits round the value assigned to m by this hypothesis and asserts 
that the true hypothesis will be one of the set which assigns a value to m lying 
between these limits. In the former method we choose a single hypothesis; in 
the latter we choose a set. 

I shall now show that the second difficulty in the maximum likelihood method, 
the paradox of confirmation, does not arise in the modified method. The paradox 
of the ravens (I shall refer to ravenhood and blackness instead of properties 4 
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and B in deference to tradition!) takes two forms which are not always clearly 
distinguished. In the first form we sample from the set of all objects and finding 
no non-black ravens conclude that the hypothesis ‘All ravens are black’ has 
been confirmed. In the second we sample from the class of non-black objects 
and finding only non-ravens in our sample assume that the universal statement 
‘All non-black objects are non-ravens’ has been confirmed and hence its logical 
equivalent ‘All ravens are black’. In both cases, of course, white swans, red 
herrings and the like, could be included in the sample. 


3 THE SOLUTION 


In order to facilitate discussion of the paradoxes we shall need to consider the 
three sets of hypotheses of the form: 
Set A. Proportion m of ravens are black. 
Set B. Proportion p of non-black objects are non-ravens. 
Set C. Proportion q of all objects are non-black ravens. 
(The proportions range from o to ı inclusive in each case, and for every real 
number between o and ı there is a hypothesis in each set assigning the value to 
the relevant proportion.) 

Further, if as before x is the proportion of ravens and y the proportion of 
black objects in the world we obtain the following algebraic equations which 
we shall need later. 


Ele) q= si-m) 
E(2) p= eee 
El) u 2 = 


If we sample from the class of all objects and find no non-black ravens, as in 
the first form of the paradox, we are choosing from among the hypotheses in 
Set C. Assuming that our sample is a large one by the modified likelihood pro- 
cedure we will accept a sub-set of set C which contains hypothesis assigning 
values to q satisfying the following inequality: 
o<q<e where eis very small. 

Using the inequality and E(1) we obtain an inequality which must be satisfied 
by m, the proportion of black ravens in the class of ravens, given this evidence. 


1I--<m<ı 
x 


Now the limits are quite useless. x, the proportion of ravens in the world, will 
be numerically less than e unless the sample is gigantically large. This means 
that the lower limit would be negative algebraically so that we have obtained no 
information at all about m because, of course, it cannot be less than o by de- 
finition | It follows that even if we know the value of q, the proportion of the class 
of all objects that are non-black ravens, to a high degree of accuracy, we cannot 
make any inference about m, the proportion of ravens that are black, and hence 
the paradox does not arise. 

The second form of the paradox is solvable in a similar way. As it is the more 
usual form let us state it fully in terms of our modified likelihood method. 
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(1) We find that every member of a sample of ravens is black and by the modified 
likelihood method select from Set A a sub-set of hypothesis assigning values 
to m satisfying the following inequality. 

I1—ô <m <i [6 is very small] 
Or stating this choice non-mathematically and more loosely we assert “The vast 
majority, perhaps all, ravens are black’, which statement I shall call ‘(M)’ 
(2) We find that every member of a sample of non-black objects is a non-raven 
and by the same method select from a Set B a sub-set of hypotheses such that 
p satisfies the following inequality 

1—6<q<1 [8 is very small] 
Or stating this choice more loosely we assert, ‘The vast majority, perhaps all, 
non-black objects are non-ravens’ which statement I shall call ‘(N)’. 
(3) The two choices in (1) and (2) above are equivalent. 
(4) If we select a set of hypotheses by the modified likelihood method we ought 
to select any equivalent set. 
(5) From (2) we see that a sample, which could contain white swans etc., has 
selected a set of hypotheses which are equivalent by (3) to an assertion about 
ravens. 

Expressed in this form there is no paradox because (3) is simply false. How- 
ever we may suspect that a weaker form of the paradox would be possible if the 
inexact statements (M) and (N) were equivalent. I shall therefore investigate the 
relationship between the two conclusions. 

Suppose from a sample of ravens which are all black as in (1) we assert that 
m satisfies the inequality: 

1-5<m<ı 
Using this inequality and E(2) we infer that p must be such that 
bx 
1—7 y <$ <I 
Using our background knowledge that x and y are small we see that 
1—8 <p<i where 8’ <8 

This means that if we know the limits on m we can conclude that the limits on 
p are much narrower. Speaking non-mathematically if we accept (M) we must 


also accept (N) as true. The inference can be nicely illustrated on a Venn 
diagram for if the two classes shown below are small we see that ‘Most ravens 


u 


U = Class of all objects 
B = Class of black objects 
R = Class of Ravens 
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are black’ implies ‘Most non-black objects are non-ravens’. (‘There is of course 
an element of vagueness about this implication because the word ‘most’ is impre- 
cise but thecalculation in the textgives the precise counterpart of the implication.) 
Were the opposite relationship between (M) and (N) true the paradox would 
stand; but it is easy to show that the truth of (N) does not entail the truth of 
(M) and thus the symmetry is broken. 
Suppose from a sample of non-black objects as in (2) we assert 
1—8<p<i 
From E(3) we may show that m must satisfy the following inequality also. 


ô = 
Eo 2: 
x 


Using our background knowledge about the size of the classes again, we know that 
(1—y) >, and hence that the limits on m are wider than the limits on p. This 
would not matter if we were sure that the limits on m were still reasonably 
narrow but this is just what we cannot assert, for x is smaller than ô unless the 
sample is enormous. The limits on m are therefore uselessly wide, in fact, in 
most cases the lower limit will be negative so that we will have gained no in- 
formation about m at all. Speaking loosely again this means that the truth of 
(N) leave the truth of (M) undetermined. 

This can also be illustrated on a Venn diagram (using the same notation as 
before), The two diagrams represent possible situations in which (M) is true. 


U 





4 2 


In both cases most non-black objects are non-ravens. Yet in Diagram 1 no 

raven is black while in diagram 2 all ravens are black. Obviously any inter- 

mediate situation is possible, so that we may not conclude anything about 

ravens from a sample of non-black objects and the paradox in its second form 
has been dissolved. 

L. GIBSON 

University College Cambridge 
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Reviews 


Laxatos, I. and MusGravz, A., Eds. (1968) Problems in the Philosophy of 
Science. Amsterdam: North-Holland. Hfi,128 Pp. ix-+448. 


This book is the third volume of the proceedings of the 1965 international 
colloquium in the philosophy of science. It consists of fourteen papers on a 
number of diverse topics—history of science, epistemology, metaphysics, 
philosophy of physics, sociology. Each paper finishes with a discussion, Here 
is a summary of the contents—interlaced with a few comments. 

R. H. Popkın, in his paper ‘Scepticism, Theology and the Scientific Revolution 
in the Seventeenth Century’, takes another look at the conflict between the church 
and science in the seventeenth century. He argues that although men were 
opposed and persecuted for theological views, this did not really happen for 
purely scientific views. The Copernican theory and the corpuscular hypothesis 
were, according to Popkin easily reconcilable with theological orthodoxy in the 
seventeenth century. Popkin argues that the real clash between science and 
religion began with the application of new scientific data and methods to bib- 
lical criticism, with the writings of Pereira, Spinoza and Simon. 

W. BARTLEY, in his contribution “T'heoriesof Demarcation between Scienceand 
Metaphysics’, sets out to criticise Popper’s views on demarcation. Bartley’s 
main point is perhaps this: Granted that our concern is to evaluate or appraise 
various kinds of theories, then the problem of demarcating science from non- 
science—as construed by Popper—is relatively unimportant. It is Popper’s 
view that theories which are vulnerable to empirical falsification are to be espec- 
ially prized; only such theories as these are entitled to be called ‘scientific’. 
But, Bartley argues, this evaluative criterion is misplaced. A much more signi- 
ficant distinction, for the evaluation of theories, is the distinction between 
those theories that can be held rationally, that is critically, and those theories 
that are not, or cannot be, so held. Thus the Popperian slogan ‘Irrefutability 
is not a virtue but a vice’ is, Bartley argues, simply not true. An irrefutable 
theory may be of great value, even to science. For example an irrefutable theory 
may suggest new experimental tests for some existing scientific theory. 

Popper has of course himself not altogether ignored the importance of the 
distinction between rational and irrational theorising. Popper in fact regards 
his solution to the problem of delimiting rational theorising as a kind of general- 
isation of his solution to the problem of delimiting scientific theorising: a scientific 
theory is a theory that is open to one especially devastating kind of criticism. 
It is Bartley’s main thesis however that Popper’s more recent ‘criticisability’ 
criterion has rendered otiose Popper’s earlier falsifiability criterion. 

In the ensuing discussion, Bartley’s paper is criticised by Wisdom, Giedman, 
Musgrave and Popper. 

M. Bunce, in “The Maturation of Science’, sets out to characterise what he 
calls ‘maturity’ in science. A mature science consists of theories that ‘(1) employ 
unobservables which (2) they tie up in the form of mechanism hypotheses 
which are in turn (3) organised axiomatically’. Such ‘deep’ or ‘profound’ 
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theories provide deep explanations, and are to be contrasted with ‘surface’, 
phenomenological theories which provide merely subsumptive explanations. 

Bunge ends by suggesting that philosophers can help science become mature 
by axiomatising existing scientific theories, and by developing mature philoso- 
phical theories, as opposed to immature theories—such as radical empiricism 
and conventionalism—which obstruct the attainment of depth in science. 
Bunge has himself magnificently contributed to this task (see, for example, his 
Foundations of Physics, Springer Verlag, New York, 1967). In the present paper 
however Bunge does not really come to grips with the problem of explicating 
what it means to talk of ‘deep’ theories, or of ‘ontological depth’. 

G. Maxwe tt, in his paper ‘Scientific Methodology and the Causal Theory of 
Perception’, contends that all our ordinary perceptual judgments about the 
world are false. Ordinary perceptual properties, such as colours, are, Maxwell 
argues, in the mind. One main reason for thinking this is so is that our experiences 
depend, not on the perceptual properties of external objects, but on physical 
processes occurring in our brains caused, in part, by physical processes external 
to our brains. Maxwell suggests we can only hope to know of structural properties 
of things in the world. 

` Maxwell does not consider very carefully whether his main reason for holding 
colours, etc., to be in the mind really is valid. Nor does he deal with the question: 
If all perceptual judgments are false, how can any physical theory be testable? 
Criticisms of Maxwell’s position that exploit these weaknesses are made by 
Quine, Ayer and Kneale in the discussion. 
W. YOURGRAU, in his paper, gives a survey of some so-called paradoxes in 
. physics. The conclusion that emerges—especially after the discussion, contributed 
to by Quine and Popper—is that ‘Paradoxes in Physics’ is something of a non- 
topic. Some physical theories have unexpected implications; other theories run 
into difficulties: almost by accident a few of these implications and difficulties 
get called ‘paradoxes’. 

R. Suszko, in his contribution ‘Formal logic and the Development of Know- 
ledge’, is concerned to give a formal characterisation of the development of 
knowledge. Suszko sets up a formal apparatus for this purpose. However 
Suszko’s formal machinery, at least in its present form, does not seem capable of 
illuminating the methodological problems that arise in connection with the 
development of knowledge. : 

L. Pearce WILLIAMS, in ‘Epistemology and Experiment: the case of Michael 
Faraday’, gives an account of the influence of Faraday’s epistemological ideas 
on his experimental method. In marked contrast to the customary inductivist 
ideas of the time, Faraday stressed the importance of the imagination, controlled 
by judgment, for scientific enquiry. 

P. G. BERGMAN, in his paper, gives an informal account of how the notion 
of ‘observables’ was introduced in general relativity theory as a result of the 
attempt to reconcile general relativity and quantum field theory. 

B. Junos, in “The Influence of Epistemological Analysis on Scientific Research’, 
adopts an operationalist view of physical concepts, and obtains, from formulae 
of special relativity, a result which suggests that mechanical and electromagnetic 
clocks compared in one inertial frame will give a different result from the same 
clocks compared in a second inertial frame moving relative to the first. This 
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leads Juhos to suggest that time is a two-dimensional schema. In the discussion 
Whitrow and Bunge question the validity of Juho’s argument. 

There follow four papers on the social sciences. P. SUPPES gives an account of 
some relatively recent work on information processing and choice behaviour 
in economics and psychology. 

J. Harsanyı, after briefly criticising the functionalist approach to Sociology, 
sets out to emphasise the fruitfulness of the individualistic or rationalistic 
approach, when backed up by modern games theory. He illustrates his general 
point bycomparinga functionalist and agame-theoretical account of social status. 

R. Rosson, in his paper ‘The Present State of Theory in Sociology’, gives a 
critical survey of four representative sociological theories. 

E. GELLNER, in a beautiful paper “The New Idealism—Cause and Meaning 
in the Social Sciences’, attacks some main doctrines of P. Winch and by extension 
Wittgenstein. Gellner’s argument, condensed to the point of distortion, amounts 
to this. Wittgenstein held that the meaning of an expression is its role in a ‘lang- 
uage’, in a ‘form of life’, a culture. This, for Wittgenstein, constituted a corrective 
to puzzle-engendering platonic and empiricist doctrines of meaning. Wittgen- 
stein left the notion of a ‘form of life’ conveniently vague and abstract. It is 
P. Winch’s innovation, in his book The Idea of a Social Science, to recognise 
that sociologists have also been interested in ‘forms of life’. Winch has seen, 
quite correctly Gellner thinks, that basic to Wittgenstein’s later philosophy 
is its implications for sociology. It is Winch’s aim, in his book, to spell out these 
implications in order to clarify the nature of sociology. (Winch holds, for 
example, that the sociologist should seek not the cause but the meaning of 
social phenomena.) 

But what in fact Winch provides, quite unintentionally (Gellner argues) is an 
extremely powerful reductio ad absurdum of Wittgenstein’s later philsoophy. 
For the moment Wittgenstein’s notion of ‘forms of life’ is brought down to 
earth, and considered in the light of a few obvious sociological facts, the absurd- 
ity of Wittgenstein’s later philosophy becomes all too apparent. Both Wittgen- 
stein and Winch are committed to the view that “What has to be accepted, the 
given, is—as one could say—forms of life’. But societies are both diverse and 
changeable. Doctrines implicit in one ‘form of life’ are often explicitly rejected 
by some other ‘form of life’. Thus acceptance of one ‘form of life’ must all too 
often lead to the rejection of other ‘forms of life’. 

In the discussion some further criticisms of Winch’s position are developed 
by P. Cohen and Watkins. 

Finally, J. O. Wispom, in ‘Anti-Dualist Outlook and Social Enquiry’, argues 
that the interactionist theory of the relation between mind and body has all too 
often been dismissed for unsound reasons, without regard to the really relevant 
question ‘Is interactionism testable?’. Wisdom does not himself go on to discuss 
this question. 

All in all, there are some interesting things in this volume, even if there are 
no revelations (but then revelations are rare in philosophy). A general feeling 
that emerges from the book is that philosophy should proceed in close collabor- 
ation with the sciences to illuminate our understanding of the world, of ourselves, 


and of our knowledge; and this is encouraging. NICHOLAS MAXWELL 


University College London 
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BERGMANN, Gustav (1967) Realism: A Critique of Brentano and Meinong. 
University of Wisconsin Press. $3.75. Pp. viii+-458. 


One of the main tasks Professor Bergmann sets himself in this book is a general 
discussion and criticism of representationalism: the belief that, in all situations 
in which I am aware of something, what is before my mind is not the object 
itself, but something else—an idea of the object. The goal of the book is realism, 
the doctrine that there are non-mental things. The obstacles are: reism, nominal- 
ism and representationalism. By ‘reism’ Bergmann understands an ontology in 
which all the entities belong to a simple category. This doctrine refuses onto- 
logical status to connections and ignores the difference of things and facts. All 
its entities, says Bergmann, are like simple things. Nominalism, in a broad sense, 
the author defines as the view that there is only one ontological sub-category of 
things. 

Bergmann uses his own ontology as the ‘foil’ which is compared with onto- 
logies he examines. He also constructs some schematic ontologies as tools to be 
applied in his analyses. He shows how some structural constraints of an adopted 
ontology determine the philosophers’ decisions. And he applies a ‘ground plant 
test’, according to which the categories in which external things are described 
in a given ontology must be able to give an account of minds. Otherwise, he says, 
the ontology tends to idealism. 

Thus, the book is at the same time an exposition of Bergmann’s ontology 
(selective and concise, for the ontology is assumed as familiar), an attempt at its 
justification by showing how it solves the difficulties attendant on the others, a 
treatise in comparative ontology and a critical examination of the ontological 
views of Brentano and Meinong (in Parts III and IV respectively). 

Part I deals with general ontology. In Bergmann’s ontology there are three 
main categories: things; facts (all ordinary things are facts}; and nexuses which 
tie things into facts. Besides the simple things like ‘green’, there are derived 
things like ‘being both green and square’. These are not literally complex, but 
have ‘quasiconstituents’. 

Bergmann distinguishes ‘function ontologies’ and ‘complex ontologies’. In 
the latter, some entities are constituents of others and functions, if any, are 
grounded in non-functional entities. For a function ontologist, at least some 
functions are their own ontological ground. Among Bergmann’s simple things 
there are bare particulars being mere spatio-temporal individuals tied with 
universals by the non-homogeneous nexus of exemplification e. In ontologies 
which include spatio-temporal qualities, the nexus connecting these qualities 
with ordinary ones is homogeneous. A nominalist who does not accept universals 
must, Bergman says, treat his qualities as perfect particulars, so that the same 
quality cannot be exemplified in different ordinary objects. 

Most ontologies treat ordinary things as ‘things’ rather than facts, and, at the 
same time, as ‘complexes’ of other things. This, Bergmann maintains, is both a 
mistake and a blur, having its root in reism. When fully articulated, such an 
ontology must assume a ‘pseudonexus’ y which, according to him, is in fact a 
function mistaken for a nexus. This ontology is his ‘antifoil’. Contrasting the foil 
with y-worlds is one of the main themes of the book. In Part II, a particular y- 
ontology is constructed as the prototype of representationalism. 
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I think that, for anybody seriously interested in ontology, a careful study of 
this book will prove both exciting and rewarding. Not that it is an easy task. The 
book is long and, in spite of some useful repetitions, very concise. Moreover, 
the use of symbolism and the introduction of many technical terms add to the 
compactness of the text. But Bergmann’s analyses are subtle and penetrating, 
he states his case clearly and vividly (often passionately too), and the dialectic is 
crucial. Here is an analytical philosopher examining at length the ideas of two 
important recent metaphysicians from the European Continent. 

This sort of book deserves serious and detailed criticism. Writing but a short 
review, I will mention one point only. 

Bergmann assumes two modes (highest kinds) of entities: actuality and potenti- 
ality (in Logic and Reality two other ones were also listed: categorematic and 
syncategorematic; but now the two former are referred to as the two modes); 
and he ascribes to different kinds of entities different ontological status: lower 
or higher. A commonsensically non-existent fact exists, according to him, in the 
mode of potentiality. It does not seem clear how this is to be reconciled with the 
strict univocality of ‘existence’ as proclaimed by him. For, in the ordinary sense 
of the word, potential facts simply are not there. Nor does grounding potentiality 
in the world’s form help much. Accepting this form does not entitle us to accept 
the theory that it, alone, can make an existent from what simply is not there— 
an existent in exactly the same sense in which the actual is said to exist. I am 
inclined to maintain that the dialectic of the problems involved may be resolved 
in a more natural way by (a) granting that there are several ontologically relevant 
meanings of ‘existence’ or ‘being’, (b) by accepting the peculiar ontological 
status of ‘intentional objects’ as analysed by Roman Ingarden in his Streit um die 
Existenz der Welt. This status is very low indeed. Speaking metaphorically, they 
are something less than shadows of our conscious states, and they certainly do 
not exist in the ordinary sense. Nor are they grounded in the world’s form, for 
we need not make them conform to it. And they do not, as such, represent any- 
thing. 

The point seems important. If grasping the dialectic of existence has been one 
of the main goals at which modern philosophers have tried to arrive, an examina- 
tion of their efforts from a position in which ‘existence’ is assumed, at least 
officially, as strictly univocal may prove, at best, one-sided. I would even risk 
the contention that this position has its source in application to existential 
problems of a principle analogical to the one which begets what Bergmann justly 
criticises in his discussion of ‘reism’. 

All the possible criticism and disagreement does not, however, lessen my 
admiration for Bergmann’s work. Its importance lies, I think, in a deep and subtle 
attempt at utilising both the logistic analysis of language and a comprehensive 
study of more traditional metaphysics (a) to build an adequate ontology, and 
(b) to analyse the dialectic of its main problems as they were tackled by great 
philosophers of our century. And his method of comparative ontology has 
proved fruitful. 


ANDRZEJ POLTAWSKI 
Jagellonian University 
Krakow, Poland 
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Bunce, M., Ed. (1967) Delaware Seminar in the Foundations of Physics. Berlin: 
Springer-Verlag. DM 38. Pp. xii+193. 


It is a notorious fact that the preface to a book is often hastily assembled in the 
rush to publication. Nevertheless in the present case it is significant that Bunge 
has found time to make an eloquent appeal for tolerance on behalf of foundation 
research in science. This appeal may seem surprising to those who have a know- 
ledge, if only hazy, of the historical development of science but not if they 
have tried to avoid the ‘inevitable research’ involved in measurement and cal- 
culation. As Bunge remarks, ‘Questions regarding the analysis and logical 
organization of scientific knowledge would seem to be regarded at best as fit for 
vacation periods or for retirement’. 

The volume is a collection of eleven lectures on the foundation of physics, 
delivered at the University of Delaware. Apart from the first two lectures, they 
are each, in turn, devoted to basic problems in the major disciplines of physics. 
Though no claim is made to unanimity among the separate authors, the general 
aim of the book is set by Bunge, who, while recognising that many basic questions 
are technical, states that ‘.. . all questions in foundational research are philo- 
sophical as well as scientific’. 

In the first paper Bergmann sets out to enumerate some of these philoso- 
phical problems, though he is hardly likely to endear himself to philosophers 
in his promise not ‘...to adopt the protective coloration ...’ of their term- 
inology. Under the heading of Epistemology, he raises the problem of the relation 
between subject and object, and asks whether the scientist, as a subjective 
observer, can obtain objective information about the universe. Specifically, he 
considers quantum mechanics where the problems are multiplied by the effect 
of the observer’s actions on the quantum state of the physical system. The 
question of what we are doing when we make a measurement must be intimately 
connected with the projection postulate of quantum mechanics. 

Margenau and Park in their investigation into Objectivity in Quantum 
Mechanics, consider all these points raised by Bergmann, in a bold attempt to 
depose the Copenhagen interpretation, which assigns subjective elements to 
quantum theory. (Bergmann does not accept that the prominent scientists 
linked with the Copenhagen Institute formed any consensus view, but states 
his belief in the subjectivity of the quantum state.) In posing the problem of 
the subject-object relationship, Bergmann uses the phrase ‘universe of objects’ 
and goes on to ask whether such an entity ‘exists’. Margenau and Park rephrase 
the question in a more useful and productive form. They do not ask whether 
objects ‘exist’ but rather where does objectivity reside, or, with what can object- 
ivity be identified. 

They discount naive realism, and ontological reality. To them objectivity 
is best formulated as a synthesis of three separate theories which equate ob- 
jectivity with intersubjectivity, invariance and scientific verifiability. It is in 
the last ingredient that the flavour of the argument is spoiled. For it is here 
that the proverbial ‘seasoned scientist’ creeps in. He is in this case called upon 
to choose among the myriad of possible ‘constructs’, which can be operationally 
defined and are the invariances of the second ingredient of the synthesis. An 
example of such constructs would be the various possible temperature scales. 
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His choice is to be governed by the metaphysical requirements which make up 
Occam’s razor, ‘... and the seasoned scientist knows somehow when maximal 
justice has been done . . .’ to all of these requirements. Those constructs which 
escape the razor and are also linked with protocol experience, that is, are em- 
pirically confirmed, become, according to Margenau and Park, the ‘... car- 
riers of objectivity in the domain of theory ...’. They concede that this de- 
finition is somewhat counter-intuitive. But a far more serious criticism of their 
definition is that without the seasoned scientist we cannot know what to identify 
with objectivity. Until research is done into how the scientist actually makes 
decisions we cannot dispense with his services within the theory. It is perhaps 
worth noting that one of the reasons given by Margenau and Park for not 
identifying objectivity with ontological reality, a theory which has intuitive 
appeal, is that many esoteric features would have to be pronounced objective. 
Yet their constructs, which are the carriers of objectivity, would admit within 
their definition such entities as the state vectors of quantum mechanics. 

It is within their theory of objectivity that Margenau and Park try to show 
that quantum mechanics is an objective theory. The main stumbling block to 
their goal is seen by them as the fact that quantum mechanics operates extensively 
with probabilities. Probabilities can be defined theoretically. In the simple 
case of a die Laplace’s formula would be used. The usual interpretation of 
these formulae lead to a subjective view of probability, since the probability 
changes when the event occurs. This kind of subjectivity is eliminated by giving 
the probability as the mathematical limit of relative frequencies of events. 
The probability so defined is objective within the Margenau and Park conditions 
of invariance and scientific verifiability, though one loses meaning with respect 
to single events. Now within their definition of objectivity, Margenau and Park 
require ‘... dual reference, once to datal observations and once to theoretical 
constructs’. So, using the happy numerical agreement between the two pro- 
bability ideas, they combine them into a single meaning, where datal observa- 
tions are associated with the frequency definition and the theoretical constructs 
with the theoretical definition of probability. This guarantees the objectivity 
of probabilities within their own theory. Even given the validity of their de- 
finition of objectivity, it is not clear that such a combination eliminates the 
difficulties of, on the one hand an invariant probability concept, and on the other 
hand a loss of meaning with respect to individual events. 

In the light of their probability definition Margenau and Park try to give an 
objective interpretation to the projection postulate, which in its usual form 
threatens the objectivity of quantum mechanics. This end is achieved by way 
of a very good and concise exposition of the theory of measurement. 

This stimulating volume must encourage the student of physics when he finds 
that greater men than he are worrying about issues which the textbooks refuse 
to see as problems. 


DAVID L. BERNSTEIN 
Chelsea College of Science and Technology 
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Gorn, T. and SCHUMACHER, D. L., Eds. (1967) The Nature of Time. Ithaca, N.Y.: 
Cornell University Press. $8.75. Pp. ix+-225. 


This book contains the papers and discussions of a meeting held at Cornell 
University in 1963. The participants included twenty-one eminent physicists 
and a philosopher. For the most part there is little of significant philosophical 
interest, with the exception of Griinbaum’s paper, but even its interest is 
diminished by the fact that its substance has appeared in several other places. 

The problems discussed are mainly connected with the anisotropy of time. 
A variety of positions are represented. Among them two broad classes can 
be discerned. (1) Those which maintain that the anisotropy is imposed on the 
universe by observers. (2) Those which maintain that the anisotropy exists 
independently of observers, in virtue of the existence of irreversible processes. 

The main proponent of the first position is Rosenfeld. He suggests that the 
anisotropy is ‘implied in the conditions of observation. It is because we pose 
the problem in a particular way’ (136). We approach the task of observation 
with a distinction between ‘earlier’ and ‘later’. Then, since there is a finite time 
interval between the emission of a signal and its reception by an observer, we 
define the event of reception to be ‘later’ than the emission (193). A variant of the 
first position is due to Schumacher: “The idea of progress of time is an outgrowth 
of the linguistic forms for physical communication’ (203). 

It is generally accepted, however, that only positions of the second class are 
tenable. Thus time is held to be ahisotropic in virtue of theexistence ofirreversible 
processes—the ‘in virtue of’ is not a causal but a logical notion. Assume that the 
set of events is linearly ordered (in the manner of a one-dimensional spatial 
continuum), so thattwo directions can be discerned. Let real numbers be assigned 
to this set of events so that one direction corresponds to the decreasing the other 
to the increasing numbers. An event will be said to be ‘after’ another if the real 
number assigned to the former is greater than that assigned to the latter. Time 
is said to be anisotropic if one of these directions is distinguished by the struc- 
tural property that there are sequences of states (say) A B C D exhibited in one 
direction but never or hardly ever the sequence D C B A in the same direction. 
A process exhibiting such a sequence is said to be irreversible. According to 
Grünbaum there is both a strong and a weak sense of ‘irreversibility’. The strong 
sense where the irreversibility is ensured by laws; the weak sense where it 
obtains in virtue of de facto boundary conditions combined with laws. 

Irreversible processes of three kinds are discussed, those studied in thermo- 
dynamics, electromagnetism and cosmology. These are all irreversible processes 
in the weak sense, and within these three domains only weak irreversible pro- 
cesses exist. Unfortunately it is not discussed whether strong irreversible 
processes exist in other domains. In particular irreversibility in quantum mech- 
anics is not discussed. 

Grünbaum’s paper is devoted largely to an authoritative exposition of the 
nature of thermodynamic irreversibility, where the temporal anisotropy arises 
from the temporally asymmetric statistical behaviour of the entropy of branch- 
systems. ‘Branch-systems’ are subsystems of a wider system, quasi-closed for a 
limited period of time, at the beginning of which they depart from equilibrium 
with the wider system and at the end of which they regain equilibrium with it. 


The temporal anisotropy arises because (a) the vast majority of branch-systems 
with relatively low entropy will have higher entropies after a given time; (b) the 
vast majority of branch-systems with high entropy will not have lower entropies 
after a given time. Griinbaum carefully discusses the scope of this anisotropy, 
its applicability to finite and infinite systems and whether it applies to all epochs. 

The electromagnetic irreversibility arises from the fact that the process 
of radiation expanding from a point (with time) is de facto reversible in the vast 
majority of cases, since the necessary conditions for the reverse process occur 
rarely in a finite system and are not realisable by physical sources in an infinite 
system. 

The cosmological irreversibility arises from the expansion of the universe 
with time. 

There is much discussion of the nature of all these irreversibilities, and 
suggestions as to their interconnections. Are they independent? Are some 
causally dependent upon others? Hoyle and Narlikar, for example, suggest 
that the thermodynamic irreversibility follows from the other two. 

Physical issues (not inappropriately) dominate the discussions, while con- 
ceptual and philosophical issues (excepting in Grünbaum’s paper) get rather 
short treatment. Indeed it is disappointing to find that the discussion of philoso- 
phical issues by a group of outstanding physicists is on such a low level. Lots 
of the old cliches are reproduced (“The problem of time is a very strange one’) 
and there is far too much uncritical usage of such metaphors as ‘flow’, ‘progress’, 
and ‘arrow’ of time. Griinbaum’s critical remarks on such usage are largely 
unheeded—unfortunately, since not a few discussions are marred by conceptual 
confusion. It is also interesting that often operationalist overtones are present 
when conceptual issues are involved (e.g. pp. 117, 195). 

Probably those with reasonable competence in physics will find some stimulat- 
ing insights scattered throughout the book. But overall the discussions are 
disappointing. 

HUGH M. LACEY 
The University of Sydney 


Exsasser, Walter M. (1966) Atom and Organism. Princeton University Press. 
36s. Pp. ix-+-143. 


In this volume a distinguished physicist has carried further his explorations of 
the implications of quantum physics for biology. His central thesis is that the 
laws of biology are not deducible from the laws of physics. He is careful not to 
invoke any separate vitalistic agencies; his argument is that (1) indeterminacy 
at the atomic level influences biological phenomena, and (2) inhomogeneity in 
biological classes precludes statistical inferences from physics. These two 
assertions are interwoven throughout the book, but they may be discussed 
separately as they represent quite distinct ideas. 

In his treatment of indetermtnacy in physics and its extension into biology 
Elsasser makes use of various interpretations of the Uncertainty Principle. 
Sometimes he speaks of indeterminacy as a product of our ignorance, an ‘intrinsic 


90 Reviews 


restriction of knowledge’ (p. 113). Yet he also insists that it is ‘an objective state 
of affairs’, a limitation on causality as well as on prediction (p. 89). More often 
he attributes indeterminacy to ‘the disturbance of the system by the measuring 
process’; in the case of biological systems, detailed measurements would 
‘radically alter and distrupt’ or even ‘destroy and kill’ the organism (pp. 18, 51, 
67, 88, etc.). This attribution of indeterminacy to ‘the perturbing influence of 
observations’ would have benefited from more explicit defence, since in physics 
it has been abandoned by most of Bohr’s followers, and its analogical extension 
to biology tells us little about the limits of experimental observations on organisms. 

Elsasser postulates that there are ‘cascade effects’ or ‘feedback couplings’ 
whereby atomic indeterminacy influences biological phenomena. Presumably 
we are to read this as positive feedback, since negative feedback, which has been 
found in many organic systems, has the opposite effect of promoting stability. 
Perhaps the weakest link in this line of argument is the lack of evidence of such 
‘amplification mechanisms’, as the author apparently recognises: ‘The variability 
of microstates must be coupled, through a suitable cascade of feedback cycles, 
into the dynamics of the macrovariables, which thereby lose part of their physical 
predictability. The assumption that a coupling of this type exists is at present 
no more than an hypothesis’ (p. 78). Elsasser grants that DNA and other mole- 
cules are very stable and their bonds involve relatively large energies; he says 
that they are ‘mechanistic’ and ‘predictable’ in their behaviour. Moreover 
redundancy gives added protection from ‘noise’ and errors in information trans- 
mission or storage. He suggests that perhaps shifts in resonant bond configura- 
tions might involve very small energy transfers which could be coupled with 
microstates. But there seems to be no direct evidence concerning such coupling. 

The second line of argument is that inhomogeneity among biological classes 
precludes statistical inferences from physics. In quantum theory, probabilistic 
predictions can be verified by studying a large number of identical atoms 
(approximating an infinite homogeneous class). Elsasser assumes that probability 
is to be interpreted as ‘frequency of occurrence’, and asserts that quantum theory 
refers to classes of events and not to single events. Atoms are ‘indistinguishable’ 
and ‘substitutable’. But biological entities are ‘unique and individual’; ‘no two 
blades of grass are exactly alike’. Only an infinitesimal fraction of the myriad 
microstates compatible with any macrostate is ever realised; any actual com- 
bination occurring is ‘an immensely rare event’ among the possible combinations. 
Statistical calculations, he says, cannot be applied to such finite inhomogeneous 
classes; we would ‘run out of specimens’ before we could prepare a homogeneous 
sub-class to study. 

This second argument would be stronger if one could show that atomic in- 
homogeneities are biologically significant. For as Elsasser himself notes, physical 
laws can be deduced even though no two physical objects are exactly alike (for 
example the arrangement of atoms in every mixed crystal is unique). In physics 
‘the details of the immense number of microstates compatible with the macro- 
variables are irrelevant; they average out’ (p. 71). Are there specific biological 
effects to which the details of the microstates are relevant and do not average out? 
Moreover, what do we mean by a homogeneous class? At the quantum level we do 
speak of the electrons in an atom as ‘indistinguishable’ in an abs olute sense; 
however we could instead say that there simply are no separate ‘particles’ here 
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but only wave-functions for the whole atom. At higher levels the testing of 
statistical hypotheses surely does not require the assumption of identical indivi- 
duals; what it does require are criteria of class membership specifying variables 
judged relevant or irrelevant to the hypothesis in question (e.g. we need not 
consider variations in the weather or the place at which the experiment was 
performed). Such criteria depend on our basic theories concerning the pheno- 
menon; that is, the ‘homogeneity’ of a class is not an absolute property of its 
members, but is relative to a theoretical framework and a particular experiment. 
A given sample may be treated as homogeneous for some purposes but not for 
others. To be sure, in the absence of adequate biological theories we do not today 
always know which variables can be ignored. But may we not expect new theories 
to suggest criteria with respect to which homogeneous classes may be selected 
or prepared to test specific hypothoses? 

In sum, this volume has proposed an important interpretation of a possible 
relationship between quantum physics and biology. But because it makes a num- 
ber of philosophical assumptions, and because some of the crucial empirical 
evidence is simply not yet available, it may be misleading to read it as ‘essentially 
an application of the basic rules of quantum mechanics to systems of the degree 
of structural complexity that are found in organic nature’ or as ‘a necessary 
consequence of quantum mechanics as it stands’ (p. 22). Perhaps, in any case, 
the central anti-reductionist thesis can only be supported if one goes beyond 
physics. For example, the discussion might well be widened to include: 

(a) Genetic combination as a source of biological unpredictability. Each organism 
represents one among the immense number of possible combinations of parents 
and combinations of genes from its actual parents; here the inhomogeneities 
clearly are biologically significant. Especially in dealing with major mutations 
or new species one does indeed have populations too small to allow verification 
of statistical predictions. Hence particular evolutionary histories are unique and 
unrepeatable. But here the irreducibility of biology to physics is not the result 
of any ‘amplification’ of quantum indeterminacies; quite to the contrary, it is a 
result of the introduction of randomness at a new level (genetic combination) 
which, as Bentley Glass has pointed out, is independent of randomness at the 
atomic level. To this situation, I submit, one could validly apply Elsasser’s 
second argument (inhomogeneous classes) once it had been separated from his 
first (atomic indeterminacy). 

(b) The distinctive characteristics of higher levels of organisation. Elsasser touches 
on ‘hierarchies of order’ briefly in his concluding pages. But the laws of systems 
need more detailed discussion, for atomic indeterminacy in itself could only 
introduce chance, not integrated behaviour, into the biological world. (In other 
words, the organism must be considered from the top down, as well as from the 
bottom up.) Surely the positive task of developing a variety of explanatory 
schemes at diverse levels is scientifically more fruitful than the negative attempt 
to show that the reductionist program is ‘impossible’. 

(c) The logic of reduction. Elsasser writes: ‘There are observable regularities 
in biological classes which are intrinsically impossible to deduce in their entirety 
logico-mathematically from the laws of physics. (One may assume the latter as 
known, without need to enter here into philosophical discussions on that point)’ 
(p. 74). But can we avoid the problem within his parentheses? No one would 
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claim that all biological laws can be deduced from presently-known physical 
laws, even with the inclusion of information theory. Yet surely we may expect 
major advances not only in molecular biology and biochemistry but in physics 
itself; ‘von Neumann’s proof’ does not show that even quantum mechanics has 
the last word. How can we know what new types of explanatory scheme are 
possible until they have been created? One can, however, defend the value of 
distinctively biological concepts, whatever new theories may be invented; and 
one can point to logically irreducible concepts which could not even be defined 
in terms of the concepts of physics (cf. Woodger, Beckner, Nagel). Such biological 
and philosophical considerations lie outside the task which Elsasser has set 
himself in this volume, but they do point to some of the limitations inherent in 
any attempt to approach the problem of reduction from the standpoint of 
quantum physics alone. 
IAN G. BARBOUR 
Carleton College Minnesota 


Zıman, John M. (1968) Public Knowledge: An Essay Concerning the Social 
Dimension of Science. Cambridge University Press. 22s. 6d. (paperback 
tos. 6d.). Pp. xii +154. 


This book aims to contribute to a new subject, the sociology of science. Some 
scientists have entered this field because of movements to plan science from out- 
side, stemming from a few Marxists and, more powerfully, from the demands 
made upon science by the military-industrial complex in the U.S.A. In oppos- 
ing such movements, they thought it necessary to show that science plans itself 
very well from inside, and that the self-government of science by scientists is 
actually essential to its progress. 

But the sociology of science has become a ‘new subject’: it has become a 
subject of professional sociologists, many professing ignorance of science but 
equipped with questionnaires and tape-recorders. They collect common-room 
gossip from scientists, which serves as their ‘data’. Predictably, their literature 
is expanding rapidly, much of it concerned with the relations between science 
and government or science and industry. 

Professor Ziman is not a sociologist but a physicist. For him the main task 
of the sociology of science is to describe the social relations between scientists 
themselves. He presents us with a synthesis of some well-known views, to be 
found especially in the writings of Polanyi, Kuhn, Barber, Hagstrom, and Storer. 
At its bleakest, his picture of science is a quasi-authoritarian one: science is 
governed by experts or authorities who use experimental results, backed by their 
prestige, to produce, through various social mechanisms, a consensus of opinion. 

The idea that the fundamental aim of science is the establishment of a con- 
sensus of opinion over as wide an area as possible is an old idea (it is to be found, 
for example, in N. R. Campbell). Ziman gives it a new sociological twist: we can 
explain the production of consensus only by stressing the social character of 
science, and especially the publication of experimental results. Ziman claims 
that experimental arguments have tremendous rhetorical or persuasive power, 
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for, after all, ‘seeing is believing’ ; hence their publication produces a consensus of 
opinion. 

Ziman attempts to illustrate the power of his consensus principle by showing 
how it demarcates science from other disciplines (of the classical demarcation 
criteria, only ‘Science is Truth conclusively proven from observations’ is discussed), 
For example, though the judicial system also aims at consensus, it is unscientific 
because it fixes a time-limit for agreement to be reached, often over matters where 
no agreement is really possible. Technology is not science because it often 
demands action before consensus. The arts and psychology are not science 
because, far from obtaining consensus, they are prone to fashions and rival 
factions. History is not science in so far as ‘no substantial principles of historical 
explanation have yet won universal acceptance’ (p. 18). Philosophy is not 
science because, far from aiming at consensus, it actually likes controversy. 
The nearest thing to science appears to be dogmatic religion, and Ziman does 
indeed stress how close to science it is in insisting upon consensus. He even 
conjectures that the prior existence of dogmatic religion is essential for the 
development of science: where religious belief was free, as in China, the con- 
sensus principle was not strong enough for science to develop out of it. 

According to Ziman, an elite, the authorities or experts play a key role in 
consensus-making. By virtue of their past achievements, experts acquire re- 
sponsibility for fixing and safeguarding the consensus. In science, some men are 
more equal than others, and lesser mortals must trust the experts when deciding 
what to believe. This trust is necessary, for no scientist can perform all the 
experiments, or even read all the literature, for himself; and even if he could, 
it would be ‘psychologically unrealistic’ (p. 136) for him to attend solely to the 
argument, without reference to the standing of its author. One function of 
scientific conferences is that there the experts can decide on the current con- 
sensus and tell the rest what to believe. And patronage from the experts governs 
initial admission to the scientific community. 

The consensus principle means that scientific education, at least in the early 
stages, must be dogmatic: the student is told of the current consensus, is init- 
iated into the current ‘metaphysic’, and absorbs the current style of research. 
Histories of science and current textbooks reflect this: they celebrate those 
who now seem, with hindsight, to have been ‘on the right track’, and ignore the 
rest. The refereeing system for articles plays a key role, for referees ensure that 
papers conform to the current consensus about the ‘style’ of contributions. 
Review articles, and later textbooks, serve to extract the consensus out of the 
mass of ‘primary material’ and articulate it for the scientific community. 

Controversies do, alas, occur in science. But here Ziman refers us approvingly 
to a chapter in Hagstrom’s The Scientific Community, which describes various 
social mechanisms to minimise or avoid controversy. And he insists that scientific 
controversy is, after all, limited to questions which ‘can eventually be settled 
by appeal to experiment or better calculation’ (p. 135), which is at best a super- 
ficial view. 

Two different questions arise about this picture of science as a sort of Church, 
with its dogmas, its initiation rites, its high-priests and Cardinals, and its relig- 
ious festivals. First, ought science to be like that?; and second, is science really 
like that? 
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As to the first question, it is only fair to say that I have presented the more 
dogmatic elements of Ziman’s picture. He is aware of the dangers of authorit- . 
arianism, and tries to dispel the fear that science (as he sees it) could degenerate 
into a closed, self-perpetuating circle. I found his attempts unconvincing: 
apart from stressing that scientists have, and ought to have, free speech, he 
makes few concrete proposals. For example, he dismisses possible ways of 
making science-teaching less dogmatic: there is no time to adopt a more historical 
approach, and the problematic areas of science are too difficult to teach to 
beginners. 

More generally, Ziman is hardly alive to questions about the evaluation of the 
(alleged) behaviour of scientists, questions which the philosophy of science 
should highlight. He claims that publication of experimental results does in 
fact produce consensus; but, significantly, he hardly touches upon the problem 
of the logical status of experimental results, or what scientists are entitled to 
infer from them regarding their theories. Such problems belong to the philosophy 
of science, which he regards as an arid, lifeless specialism: presumably the 
sociology of science claims to present science in all its living richness. 

The sentiment may be congenial, especially to sociologists; not so congenial 
to philosophers is the systematic blurring of hard-won distinctions which 
results. Thus logical analysis of what an experiment can actually show about 
the truth or falsity of a theory is replaced by socio-psychological analysis of its 
persuasive power. The question of whether or not a theory could ever be estab- 
lished as true by experiment is replaced by the sociological question of whether 
it won universal acceptance. A sociological approach always threatens to turn 
truth into that which most experts believe.! A little philosophy of science can be 
an effective antidote to this; it is therefore a pity that Ziman’s ignorance of it 
is apparently so considerable that he can write such things as ‘the standard type 
of definition of science favoured by most serious philosophers’ is ‘Science arrives 
at Truth by logical inferences from empirical observations’ (p. 4)! 

As to the second question, while it is easy to hope that science is not like 
organised religion it is less easy to decide whether it is in fact like that. As with 
so many sociological interpretations, an opposite interpretation of the same 
phenomena seems equally plausible. The social institutions of science could 
quite plausibly be regarded as ideally fitted for the promotion of dissent over 
as wide an area as possible. Detailed historical case-studies might help here, 
and perhaps some could be produced to illustrate Ziman’s view of science. 
But in Ziman’s own book there are none. The book is, in fact, a superficial 
distortion of a position already explained in a more critical and sophisticated 
way, for example, by Kuhn. The author does not care to provide us with case- 
studies or much-needed qualifications. He identifies ‘philosophy of science’ 
with formal, mechanical inductivism, and rejects it. But there exists a well- 
developed anti-inductivist philosophy of science of which Ziman seems oblivious, 
and which, in the opinion of the reviewer, could have highlighted rather obvious 
difficulties both in the position he rejects and in his own position. 


A. E. MUSGRAVE 
London School of Economics 


1 Ziman did once go this far (cf. The Listener, 18 August, 1960, p. 252) only to be castigated 
in the subsequent correspondence—in his present book he is more reticent. 
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BRUNNER, Constantin. (1968) Science, Spirit, and Superstition. A New Enquiry 
into Human Thought. Abridged and translated by A. Suhl. Revised and 
edited by W. Bernard. London: Allen & Unwin. 80s. Pp. 585. f 


Constantin Brunner (1862/1937) was a German thinker who ‘in 1895 chose 
solitude and devoted himself completely to the formulation of his original 
philosophy’ (publisher). He died in Holland, an exile from Hitler’s Germany, 
having published fourteen books on metaphysics, Spinoza, Kant, fudenhass, 
Jesus, Israel, etc., and three further works were published posthumously. 
The present volume represents the editing, condensation, and translation of 
major extracts from his most important works. Studies of Brunner’s ideas have 
appeared in several countries, and it is clear that he has some following, probably 
in the realms of religion, mysticism and moralism. I make no other comment on 
the large part of the book concerned with these matters, than to say that much 
of it appears to me arbitrary and uninspired. 

The title of the book reflects Brunner’s view that there exist three mental 
faculties: (1) The Practical Understanding, oriented towards the world presented 
to our sensory perceptions, which underlies the development of science. (2) 
Man’s relation to his Essence (or Being, or Absolute reality), ie. Spiritual 
Thought. (3) Analogous Thought, using analogies, always fictitious or false. 
This is not promising as a basis for a doctrine of thought, but it might none the 
less lead to interesting observations about science. 

Unfortunately when he writes on science, Brunner displays what I must call 
a perverse irresponsibility, resentment, and ignorance. There is evidence that 
he took little interest in intellectual developments after 1900, or even earlier. 
The ten-page Index contains no textual references to Marx, Nietzsche, Freud, 
Jung, Russell, Wittgenstein, Einstein, Relativity Theory, Quantum Theory, 
Unconscious, Organism, or Existentialism (though the Editor mentions some 
of these in notes). This is lamentable in an enquiry into human thought. 

I select four quotations to indicate the quality of Brunner’s comments on 
science: 

‘Just as the idea that guided Copernicus can be found among the Pythago- 
reans so—I am tempted to say—can Kepler, all of him, be found among them’ 
(p. 222). 

‘Isn’t it true, then, that the ancients were well posted in the structure of the 
universe. On the whole as well as we’ (p. 224). 

“There is no unconscious, i.e. no unthought feeling, no unthought writing’ 
(p. 237). 

ei grain of truth is contained in the assertions regarding mutation and 
heredity, i.e. the heredity of acquired characteristics, as advanced by the theory 
of evolution. (Sic). Mendel . . . has given us the real scientific theory of heredity 
without mutation ... with this knowledge we now possess the final empirical 
refutation of the entire evolutionary-metaphysical incubus; and more soundly 
based than ever now appears the truth of the constancy of the species’ (p. 507). 


LANCELOT LAW WHYTE 
CORRECTION 


We apologise to readers for having published incorrect bibliographical data in 

our February Review section. The first work reviewed was: 

Fiscugr, R., Ed. (1967) Interdisciplinary perspectives of time. Ann. N.Y. Acad. 
Sc. 138, 367-915. 
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Definitions of Species in Biology 


by MICHAEL RUSE 2 


One of the major problems confronting biologists is that of classifying `- . 


organisms. This is usually done in a hierarchical manner. First, organisms 
are grouped together into classes (called ‘taxa’ by biologists) which are 
assumed to be incapable of significant subdivision; then, these classes are 
in turn grouped so that the members of a number of classes at the lowest 
level also form a class at the next higher level. This process is repeated 
until, at the highest level, all organisms are grouped into a very few large 
classes. The classes at what is usually the lowest level are called ‘species’, 
and it is primarily with these that we are concerned in this paper. 

Species give rise to two major problems. In the first place, one must 
decide on criteria for the inclusion (or exclusion) of a particular organism 
into a particular species. In the second place, one has to put such criteria 
of demarcation into practice. Obviously, the two problems are not entirely 
separate, since there would be little point in choosing criteria which were, 
for practical reasons, impossible to apply. However, here we shall ignore 
the second problem and discuss only the first. I believe that, in the course 
of the discussion, light will be shed not only upon the nature of the con- 

‘cepts used for biological classification, but upon scientific concepts in 
general. 


I THREE RECENT DISCUSSIONS OF THE SPECIES PROBLEM 


Since so much has been written on the topic, references to previous dis- 
cussions must necessarily be severely selective. We shall begin with the 
account by Ernst Mayr in his magisterial work, Animal Species and 
Evolution. This recent book has been strongly acclaimed by his fellow 
biologists. There are, claims Mayr, three different concepts on which 
recent discussions about species are based. Let us briefly consider these 
in turn, 
1 The Typological Species Concept 

‘This is the simplest and most widely held species concept. Species 
here means “a different thing”, something that “looks different” (from 
the Latin specere, to look at, to regard), “a different kind”. This is the 
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concept the mineralogist has in mind when he speaks of “species of 
minerals” or the physicist who speaks of “nuclear species” ’ (Mayr, 1963, 
p. 16). Mayr claims that this concept has its roots deep in one of the 
traditional philosophical positions, namely, Platonic Idealism. It is 
believed that there are real unchanging archetypes, the Ideas or Forms, 
and that the things of this world are mere copies or shadows of reality. 
The emphasis therefore is not on the similarity of objects to each other, 
since they do not have any special relationship, but on their difference. 
‘Degree of morphological difference, thus, determines species status. The 
two aspects of the typological species concept, subjectivity and definition 
by degree of difference, depend on each other and are logical correlates. 
The typological species concept, translated into practical taxonomy, is 
the morphologically defined species’ (Mayr, 1963, p. 16). In other words, 
on this definition, a species is a group of organisms whose physical charac- 
teristics, colour, size, habitat, and so on, separate them off from all other 
organisms. 


2 The nondimensional Species Concept 

This concept is based on the idea of a ‘reproductive gap’ between two 
groups of animals. If two populations live side by side in nature without 
interbreeding, then they are defined as different species. Mayr claims that 
the big advantage of a species-définition based on this concept is that it is 
objective, since two populations either interbreed or they do not. ‘Reproduc- 
tive isolation thus supplies an objective yardstick, a completely non- 
arbitrary criterion, for the determination of species status of a population’ 


(Mayr, 1963, p. 19). 


3 The Interbreeding-population Concept 

. This is the basis of the so-called ‘multidimensional species’. Here a 
species is defined as a group of populations which interbreed with each 
other, actually or potentially. The concept is applicable only when there is 
more than one population (separated in either space or time or both). 
‘This concept has the weakness of all collective concepts, that of practical 
difficulties of delimitation: which discontinuous populations shall be judged 
“potentially” interbreeding? Even though the multidimensional concept 
comes much closer to reality than the non-dimensional concept, it is 
evident that it lacks the latter’s objectivity’ (Mayr, 1963, p. 19). 

Most contemporary definitions of the species rely on both the non- 
dimensional species concept and on the interbreeding-population concept. 
Nearly all claim to avoid the typological species concept. Mayr’s own 
definition of species which he gives elsewhere is that species are ‘groups of 
actually or potentially interbreeding natural populations which are re- 
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productively isolated from other such groups’ (Mayr, 1942, p. 12). This 
definition, which is accepted widely by contemporary biologists, is known 
as the brological species definition (or the biospecies definition for short). 

In fairness it must be added that there is a growing school of thought, 

known as ‘numerical taxonomy’, which rejects Mayr’s claim that the 
typological species concept rests on outmoded philosophical assumptions, 
and which argues that classification is best done on an explicitly morpho- 
logical basis. Nevertheless it is interesting to note that even numerical 
taxonomists do not always repudiate the biospecies. In Sokal and Sneath 
(1963), which is probably the most influential book to come from the school, 
it is admitted that although the individual organism is the logically funda- 
mental unit for classification, from a practical point of view classification 
is usually best done using the species as the fundamental unit. In dis- 
cussing this claim they write: 
Should numerical taxonomy rely on the validity of species erected by conven- 
tional methods? We believe (probably in agreement with most present-day 
biologists) that of the categories established in the present system of nature the 
different entities which have been called species have more reliability than any 
others, with the possible exception of the very highest taxa... . Some kinds of 
species, furthermore, can be defined by biological (analytical and experimental) 
criteria . . . and differ in this respect from the higher and lower taxa, which are 
defined on more ambiguous bases (Sokal and Sneath, 1963, p. 121). 


Whilst this could hardly be called a hearty endorsement of the biospecies 
definition, I think it is clear that even Sokal and Sneath regard the bio- 
species as something deserving of special attention. 

The ‘species problem’ is usually presented as a search for reasons for 
preferring the biological species definition over any other, in particular 
over a morphological species definition based on the differences between 
the physical characteristics of organisms. (A species so defined is usually 
called a morphospecies.) Actually, although the problem is usually phrased 
in this way, there is rather more involved than just finding reasons for 
deciding between the biospecies and the morphospecies. It is quite obvious 
that biologists are prepared to accept one type of morphospecies, roughly 
speaking the type based on the otal overall (morphological) differences 
between groups. Nevertheless, when they discuss the problem, they almost 
always stress the biospecies definition to the virtual exclusion of any other. 
My questions therefore are (a) why there is this stress on the biospecies 
definition and (b) whether an answer to the first question can throw any 
light upon the attitudes that biologists have to the different possible 
definitions of species based on morphological characteristics. Mayr’s 
answer, at least to my first question, seems to be that any morphological 
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species definition is subjective, whereas the biological definition species is 
(at least in part) objective.1 Is this in fact so? 

Unfortunately, although the terms ‘objective’ and ‘subjective’ appear 
with monotonous regularity in both biological and philosophical dis- 
cussions, it is far from clear what exactly is meant by them. Normally, I 
suppose, the purpose of calling something ‘subjective’ is to call attention 
to the fact that it is in some way dependent upon the whim or will of one 
particular individual—that there is nothing about it which intrinsically 
compels universal agreement. Something ‘objective’, on the other hand, 
is public—it is in a sense external to the individual. However, the subjec- 
tive-objective dichotomy construed in this way seems to be of little help 
in deciding between the two species definitions. Suppose one decided to 
classify organisms morphologically, for example according to weight. 
Then in a sense, one could say that the class of organisms weighing between 
one and two pounds is subjective, since the use of this class is dependent 
upon the decision of the individual. However, one could also say that the 
class is objective, since whether or not something belongs to the class 
depends upon its weight, which is obviously not dependent upon the 
decision of an individual. Exactly the same arguments seem to apply if 
one adopts a biological classification. In so far as one decides to use re- 
productive isolation as a criterion, the decision rests with the individual. 
In itself, reproductive isolation has no more compulsion than weight. 
Hence one could say that such a classification is subjective. On the other 
hand, whether or not something is reproductively isolated, just like weight, 
is objective. 

Even if Mayr’s solution were adequate, my second question would still 
be unanswered. Indeed, Mayr’s approach seems to preclude any answer to 
the question at all. For him, all morphospecies are subjective and con- 
sequently he would be unable to draw a distinction between a class, for 
example, of organisms which are over one pound and under two pounds 
and a class of rational, two-legged, hairless organisms. Obviously biologists, 
no less than the man in the street, believe that the class of men so defined 
is somehow a more significant class than any based just on weight. 

Although solutions to the species problem like Mayr’s are still fairly 
common, many biologists, realising that a solution of this type is hope- 
lessly inadequate, have tried to find other ways of distinguishing species’ 
definitions—ways which make no reference at all to ‘objectivity’ and 
associated terms like ‘reality’ and ‘existence’. One attempt which has been 


1 I must admit that I cannot see why the interbreeding-population concept is any less 
‘objective’ than the nondimensional species concept. If it is proper to talk of some non- 
bordering groups as being ‘potentially’ interbreeding, then it seems just as proper to 
talk of other non-bordering groups as being ‘potentially’ reproductively isolated. 
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extremely influential is that of the paleontologist, G. G. Simpson. Simpson 
writes: 


1 believe that most of the purely semantic confusion on the present subject can 
be avoided if such terms as ‘real’, ‘natural’, or ‘objective’, and opposite or con- 
trasting terms, are not applied to taxonomic categories or methods of classifi- 
cation, and if the two terms ‘arbitrary’ and ‘non-arbitrary’ are used in specially 
defined senses (Simpson, 1951, p. 286). 

He continues: 


I propose to call taxonomic procedure arbitrary when organisms are placed in 
separate groups although the information about them indicates essential con- 
tinuity in respects pertinent to the definition being discussed, or when they are 
placed in a single group although essential discontinuity is indicated. Conversely, 
procedure is non-arbitrary when organisms are grouped together on the basis 
of pertinent, essential continuity and separated on the basis of pertinent, essential 
discontinuity (Simpson, 1951, p. 286). 

In this passage, taken just as it stands, Simpson seems to be arguing 
that the terms ‘arbitrary’ and ‘non-arbitrary’ should be applied to the 
way in which someone classifies certain organisms given a particular 
definition (of a species). Now clearly, if this were all that he was saying, 
then the introduction of the new terms would be of little help in deciding 
between species concepts. One could say that a morphological species 
was arbitrary or non-arbitrary, depending on whether or not the specimens 
under review had been categorised according to the morphological 
criterion proposed for species inclusion and exclusion, and similarly, one 
‘could say the same of biospecies. However, as the discussion develops, it 
becomes clear that Simpson has something rather different in mind. What 
he intends is that, given a particular criterion for classification (for example, 
morphological similarity or interbreeding), groups at different levels of 
classification be labelled arbitrary or otherwise, according to how they fit 
the criterion of classification. His position is clearly brought out by the 
following passage. 

The genetical definition of a species as a group of actually or potentially inter- 
breeding organisms reproductively isolated from other such groups is non- 
arbitrary both in its inclusion and its exclusion. Its criteria are reproductive 
continuity and discontinuity. The group defined is co-extensive with the 
continuity and bounded by the discontinuity. A species under this definition 
is the largest group with non-arbitrary exclusion and the smallest group with 
non-arbitrary inclusion (Simpson, 1951, pp. 287-8). 

Other groups, argues Simpson, must necessarily be arbitrary with respect 
to at least one aspect of the reproductive criterion. Any group which is a 
proper sub-class of a species will be arbitrary with respect to its exclusion 
(since it will exclude organisms which can interbreed with its members) 
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although it will be non-arbitrary with respect to inclusion (all the members 
can interbreed). A group which contains the members of a number of 
species will be arbitrary with respect to inclusion, but non-arbitrary with 
respect to exclusion. Simpson concludes that since the species (defined in 
terms of reproductive criteria) is the only type of group which is non- 
arbitrary in every way, one can therefore see the reason why biologists 
pick it out for special attention. 

Let us see whether we are now in a position to answer our two questions. 
As far as the first question is concerned, namely why biologists prefer the 
biospecies definition over any morphospecies definition, Simpson’s 
suggestions go no way at all towards answering it. The terms ‘arbitrary’ 
and ‘non-arbitrary’ are to be applied to particular groups (or types of 
groups) according to whether or not they satisfy a certain specified criterion. 
Simpson argues that considered with respect to the reproductive criterion, 
the species is the only non-arbitrary type of group. However this does not 
answer our question, namely why one should choose a reproductive 
criterion in the first place. What we are looking for is a justification for 
choosing between different criteria for species classification, in particular, 
between morphological and reproductive criteria. What Simpson offers 
us is an argument which purports to enable us to choose between different 
types of group, all evaluated with respect to the same criterion of classifi- 
cation. The only way Simpson’s proposals could be of any use to us would 
be if it could first be shown that the only criterion of classification yielding 
any non-arbitrary groups at all was the reproductive criterion. However 
obviously this could never be done. If one had a geographic criterion 
which specified that groups must be divided by country, then the group 
whose members are the organisms of Canada would be non-arbitrary 
(whereas, for example, the class of animals in. Ontario and the class of 
plants in North America would be arbitrary in certain respects). Hence, 
since it would seem that different criteria can yield non-arbitrary classes, 
Simpson’s proposed solution will not answer our question. 

It is clear that the second question, namely how one can account for 
biologists’ attitudes to different morphological species definitions, goes 
unanswered also. Suppose, for example, one decides to use as one’s criterion 
for classification, maximum morphological similarity. Obviously if the 
species is defined in terms of over-all morphological similarity, then it 
will be non-arbitrary. However, who is to say that this is the proper kind 
of morphological criterion? Given another criterion, the only non-arbitrary 
groups might be those who do not contain both large and small members. 

It is clear that Simpson’s suggestions are not going to help us very much. 
In fact, even if it had seemed that we were on the way to the correct 
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answers to our questions, there are still grave difficulties with the 
arbitrary/non-arbitrary dichotomy. These difficulties are such that one 
must conclude that considered with respect to the reproductive criterion, 
in many cases the biospecies itself will be arbitrary. To see why this should 
be so, let us consider three types of phenomenon which the biologist with 
encounter when he tries to give a comprehensive classification of all living 
(and dead) organisms. 

The first type of phenomenon is the asexual organism. Some organisms, 
both plants and animals, either never had sexuality, or, although once 
possessing it, have since lost it. Such organisms do not need a mate to 
reproduce, but can thrive and multiply unaided. Obviously any attempt to 
classify asexual plants and animals using the biospecies definition is doomed 
to failure. Since, by definition, an asexual organism is reproductively 
isolated from every other organism, one would, if one insisted on applying 
the biospecies definition consistently, have to classify every such organism 
as a separate entire class, a species with one member. However, although 
one can thus preserve one’s original definition intact, in so doing one is 
defeating the original aim, namely to group organisms together in certain 
significant ways. Obviously what the biologists must do, and what they 
do in fact do, is either abandon the biospecies concept altogether when 
faced with the problem of asexuality, or what amounts to the same thing, 
extend the species concept so that the biospecies concept is one of a 
number of disjuncts, any one of which can, under certain conditions, serve 
as a criterion of species demarcation (see Hull, 1965, for an excellent 
account of the way in which such an extension might be made). In either 
case, however, it is clear that in the sense in which Simpson uses the term, 
the biologist’s procedure is ‘arbitrary’ with respect to the reproductive 
criterion. In grouping asexual organisms, one is ignoring an ‘essential 
continuity in respects pertinent to the definition being discussed’ since 
ane is grouping reproductively isolated organisms. 

The second type of phenomenon which poses difficulties for users of 
the biospecies definition is that of the ‘ring or chain of races’. Some 
organisms, particularly birds, form a string of populations, each one of 
which has, apart from the end populations, a touching population on two 
sides. Now although members of each population are different from the 
members of every other population, such members do nevertheless 
sometimes interbreed with the members of populations on each side of 
their own parent population. Consequently, using the biospecies definition 
one ought to be prepared to say that although there are differences between 
the members of different populations, all the organisms of all the populations 
belong to the same species. However, if one ignores the intermediate 
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populations and considers only those at the ends, one might have very 
little reason for believing that these should both be in the same biospecies. 
The differences between them might be so great that one would conclude 
that were they to come together in nature, they would fail to interbreed. 
If this were the case, then given the biospecies definition, one would have 
to argue that they were two different species. (Cases are known where the 
end populations actually overlap in nature. The chains of populations form 
rings, each member interbreeding with its neighbours, but with the end 
members touching each other and remaining reproductively isolated.) 
Now whatever the biologist decides to do, whether he considers such end 
populations to be in different species or in the same species, his decision 
with respect to the reproductive criterion must be in some degree arbitrary. 
He must ignore one of the pertinent pieces of information. 

Finally, consider the similar problem which the biologist faces when he 
tries to apply the biospecies definition not only to contemporary pheno- 
mena, but to past phenomena as well. If he accepts the theory of evolution, 
then he believes that all organisms are descended from a relatively few 
initial organisms. If this is the case, then since, with a few exceptions, the 
parent and offspring generations are potentially capable of interbreeding, 
the biologist is presented with a kind of temporal chain of races. (The 
obvious exceptions are asexual organisms. These are reproductively 
isolated from everything, including their parents.) Indeed if he stresses 
only the interbreeding aspect of the biospecies definition, the biologist is 
liable to find himself committed to the thesis that all, or nearly all, 
organisms (both past and present) belong to the same species. That this is 
so can be seen from the following simple example. Suppose one has two 
groups A and B both descended from a third group C. A and C are linked 
by interbreeding generations and thus are the same species; so also are B 
and C. Hence one should argue that A, B and C are the same species. 
However, apart from the fact that A and B might well be reproductively 
isolated and thus, according to the other arm of the biospecies definition, 
should be considered as two separate species, such a conclusion clearly 
defeats the whole purpose of classification. (In practice, the biologist’s 
dilemma is not so acute as one might expect, because in dealing with past 
organisms he will normally be referring to the fossil evidence, and since 
this is usually fragmented, he can base his species’ demarcations on breaks 
in the fossil record. However in theory, if he insists on holding solely to a 
species concept based on interbreeding and reproductive isolation, then 
he will be forced to make some decisions, which are arbitrary with respect 
to the reproductive criterion.) 

Enough has been said to show that we must look elsewhere for answers 
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to our questions. Let us therefore conclude this critical section of the 
paper by considering yet one more attempt to show why the biospecies is 
more basic than a morphospecies. I shall argue here that this attempt also 
fails to do what is needed, but show later that in one very important sense 
it is closer to the correct solution than either of those just considered. The 
geneticist Th. Dobzhansky argues that one can legitimately claim that a 
biospecies is a type of super-organism. Morphospecies do not share any of 
the properties of organisms and hence for this reason one can point to the 
cause of the contemporary biological preoccupation with the biospecies. 
Dobzhansky quotes (approvingly) the following passage from a text- 
book on ecology by W. C. Allee and others (1949). 
Allee et al. argue that a population is not a group concept but a spatio-temporal 
entity which possesses the following five organismic attributes. (1) A definite 
structure and composition. (2) “The population is ontogenetic. It exhibits (as 
does the organism) growth, differentiation and division of labor, maintenance, 
senescence, and death. (3) The population has heredity. (4) The population is 
integrated by both genetic and ecologic factors that operate as interdependent 
mechanisms. (5) Like the organism, the population is a unit that meets the im- 
pact of its environment. This is a reciprocal phenomenon, since the population 
ig altered as a consequence of this impact, and, in time, it alters its effective 
environment’! (Dobzhansky, 1951, p. 15). 


Later, Dobzhansky defines the biospecies as one kind of population and 
therefore it is presumably supposed to be a kind of super-organism. A 
collection based on morphological characteristics need possess none of the 
above attributes and hence would not be a super-organism (except in the 
case where such a morphological collection happened to correspond with a 
biospecies). Obviously a difference of this kind is highly significant 
biologically, and justifies the biologist’s preoccupation with biospecies 
rather than morphospecies. 

However, although prima facie biospecies may seem to be similar to 
organisms, if we look into the matter more closely, it soon becomes clear 
that, in many respects, species and organisms are drastically different. 
Consider for example the first two of the characteristics which Allee picks 
out for special attention. First take structure. It is indeed true that a 
biospecies has a structure; nevertheless, except in certain cases (for example 
in some insect species with highly codified caste systems), the structure of 
a biospecies is far more flexible than the structures of most individuals. 
The structure of human society in thirteenth-century England was very 
different from the structure of life in twentieth-century England, and yet 
on that score, one would not want to say that a thirteenth-century 


1 ] am not at all sure that Allee would agree with Dobzhansky’s interpretation of his text, 
but that is another matter. 
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Englishman belonged to a different species from a twentieth-century 
Englishman. Secondly, consider ontogeny. A biospecies may be onto- 
genetic, but it differs from an organism in the vital sense that it can 
continue to rejuvenate itself and can be virtually immortal. No such 
elixir of life exists for organisms. Similar differences exist between organ- 
isms and biospecies in the cases of Allee’s other three points, and hence 
one must conclude that no grounds have been given for inferring that 
biospecies are super-organisms. To call them such is merely to confuse the 
issue. One can just as easily argue that any collection of organisms, in 
particular a morphospecies, has certain vague properties in common with 
an individual organism, and that thus it also can be called a ‘super- 
organism’. The safest course is to recognise that no kind of species is an 
organism. (Again, even if it could be argued that biospecies were organisms 
my second question would go unanswered. One would have no reason to 
suppose that any morphospecies was superior to any other.)! 


2 THE REASONS FOR CALLING A SCIENTIFIC CONCEPT ‘REAL’ 


At this point, one might want to conclude that one can draw no distinction 
between morphospecies and biospecies and that biologists are mistaken 
in preferring the latter over the former or in preferring one type of morpho- 
species over any other. This would be wrong. There is indeed an essential 
difference between the biospecies and any morphospecies defined at 
random, and biologists are fully justified in choosing the former. Further, 
this difference explains why one can distinguish between different types of 
morphospecies definition. However, it is impossible to find the difference 
whilst we consider just the two species definitions as in the manner of both 
Mayr and Simpson, that is, in isolation. What we must do, rather, is to 
consider the problem with respect to the wide spectrum of biological 
thought, and see how the two concepts are related to it. In order to see 
how this is to be done, let us turn first to a discussion about scientific 
concepts in general. Then we can see what light it throws upon our particu- 
lar problem. 

What I want to suggest is that in proposing scientific concepts biologists 
do not work according to arbitrary lines (‘arbitrary’ not in Simpson’s 
1 Although my criticisms of Dobzhansky do not reveal it, I believe that there is an even 

greater mistake in arguing that species (of any kind) are organisms than merely failing 
to recognize the lack of similar characteristics. This is the mistake of asauming that 
species and organisms are things of the same kind. It is clear that they are not. Species 
are classes, that is, collections of thing, whereas (real) organisms are spatio-temporal 
individuals. To illustrate the difference, consider the situation if everyone in Asia and 
Africa died. We would still be left with a complete species (although reduced in number) 


because a class is still a class even if half its members are removed. It is not half a class. 
However the head and trunk of a man do not constitute a complete man but half a man. 
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sense, but rather in the sense of according to caprice) or even necessarily 
in the direction of maximum utility or convenience. Rather, they are guided 
by definite rules and when concepts conform to these rules, in a very 
important sense one can speak of such concepts as being ‘real’. To see 
what these rules are, let us look briefly at a hypothetical scientific concept 
suggested by G. Schlesinger, to whom the following discussion is indebted. 
Schlesinger introduces the concept W.I.Q. which he defines as “Weight x 
Intelligence Quotient’ (Schlesinger, 1963, p. 96). Obviously no one 
considers that W.I.Q. is a ‘real’ scientific predicate, and the reason why 
is not hard to find, as soon as we consider what kind of evidence would 
make us change our minds about it. 


Suppose we have made readings of the candidate’s temperature throughout the 
whole of the duration of the I.Q. test and obtained the value of his average body 
temperature during that period. Suppose also that it was found, after performing 
such sets of operations at different times on our candidates and on other people, 
that W.I.Q. varied directly with average body temperature for every individual. 
It is quite obvious that, however unexpected such result may seem to us, we 
would change our attitude toward W.I.Q. and would no longer regard it as an 
empty word (Schlessinger, 1963, p. 96). 


In other words, it would seem that when we ascribe reality to scientific 
concepts, what we are asserting, explicitly or implicitly, is that such con- 
cepts can and do enter into laws. 

In fact it would seem that what we are asserting is something even 
stronger than this. Suppose we had a very large class of objects, say birds, 
some of which were white. Suppose now we subdivide the white birds 
(in a purely arbitrary fashion) and call one sub-class ‘swans’. Suppose 
further that although our division is arbitrary, we do nevertheless have a 
definition of ‘swan’ which would enable us in the future to place a pro- 
portion of the, as yet unseen, white birds in the class of ‘swans’. Then we 
would have the law ‘All swans are white’. However it is clear that we 
would still feel somewhat uneasy about ascribing reality to the sub-class 
‘swans’, even though swans enter into at least one.law. One could still say 
‘Why pick out these white birds for special attention?’ However suppose 
now we find that all swans are aquatic and that furthermore that nothing 
which is both aquatic and white is not a swan (ignoring anything which is 
not a bird). At this point, we would feel much happier about the concept 
of ‘swan’ (that is, we would think that the class of swans was real). The 
reason why is that we not only have the law ‘All swans are white and 
aquatic’ but also have the law ‘All white and aquatic (birds) are swans’. In 
other words, our laws give us extensionally equivalent, but logically inde- 
pendent ways of characterising swans. It is this I suggest which makes us 
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ascribe to reality a scientific concept. If a concept can be embedded in a net- 
work of laws such that together they yield alternative definitions of the con- 
cept, couched tn logically independent terms not built into its original definition, 
then we feel that the concept is telling us something about reality, that is, that 
the concept itself is in some sense ‘real’, Following Schlesinger, I shall refer 
to this criterion as ‘Maxwell’s criterion for scientific reality’ since it was 
proposed by the physicist J. C. Maxwell (Schlesinger, 1963, p. 97). 
Maxwell distinguishes between what he calls ‘physical reality’ and mere 
‘scientific concepts’. I shall talk of ‘real’ concepts and ‘unreal’ or ‘empty’ 
concepts. An empty, arbitrary, or unreal concept yields nothing that was 
not already built into the definition. (It should be noted that the require- 
ment that the definitions be linkable by laws is very important. The dogs 
that I own are equivalent to the Afghans which live in Guelph, but this 
does not mean that they form a real scientific concept, because the con- 
necting generalisation is not a law.) 

It is necessary to add an important qualification to Maxwell’s criterion. 
Obviously if a concept is defined as a function of two other concepts, and 
these latter two concepts are real, then necessarily the compounded concept 
has alternative independent definitions which can be linked by laws. For 
example, suppose A = (B,C), and that B and C are real and have 
alternative independent definitions D and E. Then A = f(D,E), and 
furthermore, f(B,C) and f(D,E) are independent and can be linked by 
laws. As things stand this means that we would have to recognise W.I.Q. 
as a real concept because Weight and Intelligence Quotient are real. One 
way to remedy this problem would be to deny that a compounded concept 
has any reality over and above that conferred by its constituents. Hence 
it would seem that an adequate qualification to Maxwell’s criterion is that 
a compounded concept (i.e. one which can be a function of other concepts) 
is not to be considered independently real, unless it can be given an 
alternative definition which is not merely the same function with the same 
constituents defined in another way. 

In order to see whether Maxwell’s criterion seems to hold, let us briefly 
consider concepts from three different branches of science which we 
would clearly want to classify as ‘real’. Consider first the physicist’s 
concept of ‘work’. At an early age everyone learns the meaning of ‘work’, 
but when one starts doing physics, one is told that one must understand 
by ‘work’ only the concept defined as ‘Force x distance’ (FD). Now why 
should the physicist pick this concept out for special attention? Why not, 
for example, define work as ‘F x D!®? One can see no reason for such a 
choice until one learns that ‘work’ defined as ‘FD’ is a concept which 
enters into many laws, and furthermore, can be given definitions in terms 


Definitions of Species in Biology 109 


independent of force and distance. For example, as Joule showed, the 
amount of work done to raise the temperature of a liquid is directly pro- 
portional to the rise in temperature. That is to say, one can define work in 
terms of units of heat, and such a definition makes no reference at all to 
forces or distances. The concept FD% ‘presumably has no definition 
which is not the same function of FD and F (in one of their various forms) 
and hence one feels no compulsion to recognise it as an independently 
‘real’ concept. 

Secondly consider the chemical concept of ‘acid’. Why should one pick 
out for special attention those substances which turn litmus paper red? 
Why not choose ‘blue liquids’ or ‘expensive metals’? Again the reason is 
not hard to find. Acids have many properties in common, whereas blue 
liquids and expensive metals do not. Further, these properties can be used 
to provide independent definitions of acidity. For example, a recent text- 
book on chemistry defines ‘acid’ in the following three ways. (i) Acids 
are substances which increase the hydrogen-ion concentration of water. 
(ti) (Brensted-Lowry definition). An acid is a proton donor in a reaction. 
(ii) (Lewis definition). An acid is a substance that acts as an electron-pair 
acceptor in a reaction (Sienko and Plane, 1961, pp. 212-15). No such 
alternatives exist for ‘blue liquids’ or ‘expensive metals’, and hence we see 
why ‘acid’ is a real chemical concept whereas they are not. 

Finally, let us look at concepts in a very different branch of science, 
geology. Geologists divide rocks into three different types: ‘sedimentary’, 
rocks which are formed by precipitation and deposition at the surface of 
the earth; ‘igneous’, rocks formed by the congealing of magma (molten 
rock); and ‘metamorphic’, rocks formed from the first two classes by pres- 
sure, heat, and chemical reaction. Obviously these are not clear-cut classes, 
since rocks from the first two can change into metamorphic rocks. Neverthe- 
less, geologists think that the classes are ‘real’ in a sense that, for example, 
the class of rocks in Canada is not. The reasons for this belief are not hard 
to find—many properties can be associated with the three classes. For 
example, most sedimentary rocks show strata, that is, distinct layers (of 
slightly different materials). Metamorphic rocks are usually foliated (that 
is, they are composed of very thin layers of the same substance). Similarly, 
igneous rocks have their peculiarities, such as chemical composition. 
Hence once again, it is evident that the concepts of science can be fitted 
into laws, and alternative definitions can be found. (The need for alternative 
definitions is particularly striking in the case of geology. The number of 
rocks that one is actually going to see being formed is comparatively small. 
Consequently in most cases one must have an alternative definition by 
which one can infer the origin of the rocks being studied.) 
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Clearly these three examples, although drawn from very different 
areas of science, do not constitute a basis for the categorical assumption 
that all real scientific concepts fit Maxwell’s criterion, nor do they permit 
the inference that every concept used by scientists is ‘real’ in the required 
sense. Indeed, I shall argue later that there are scientific concepts which. 
do not fit the criterion (although I shall also argue that there is grave 
doubt about their reality). However, it should be clear that the criterion 
does find support throughout science, and that therefore, in applying it 
to biological concepts, one is not merely fabricating an ad hoc distinction 
which has no value or significance elsewhere. 


3 DOES MAXWELL’S CRITERION SOLVE THE SPECIES PROBLEM? 


Let us now return to our twin problems, namely why biologists stress the 
biospecies and whether one morphospecies definition is better than any 
other, and see whether Maxwell’s criterion can be used to yield satis- 
factory conclusions. I think that it is fairly clear that it can. Consider 
first the claim that the biospecies is better than any random morphospecies. 
Given an interbreeding, reproductively isolated population (a biospecies), 
then a great many morphological and behavioural characteristics can be 
associated with it. Homo sapiens, for example, is two-legged, relatively 
hairless, rational, social, takes an inordinately long time to mature, helpless 
at birth, adept at tool-making and so on. Thus, it can be seen that the 
concept homo sapiens (qua biospecies) can be embedded in a great many 
laws. Furthermore, it would seem that the morphological and behavioural 
characteristics can be combined so as to yield an alternative character- 
isation of man, one which is couched in terms logically distinct from the 
original reproductive criteria. 
This alternative characterisation would be, roughly speaking, a morpho- 
logical species definition involving the total number of differentiating 
characteristics. However such a definition would not necessarily be a 
conjunction of all the characteristics. It has become apparent to biologists 
that the search for a list of morphological and behavioural characteristics 
which conjointly provide a necessary and sufficient condition for the 
characterisation of a biospecies is likely to be unending. Thus, for example, 
the.old characterisation of man as a ‘rational animal’ falls to the ground 
when confronted with such things as idiots and babies, which we would 
certainly want to call ‘men’, but which lack rationality. In view of such 
difficulties, biologists are turning increasingly to the use of ‘cluster 
concepts’ to characterise species—these are concepts which list a number 
of morphological and behavioural characteristics, the possession of no one 
of which is necessary for an organism to have to belong to a particular 
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species, but where the possession of a number of such characteristics is 
sufficient for an organism to be classified into a particular species. Hence 
one might agree to call something a ‘man’ which has at least five of the 
characteristics listed above. One would not necessarily debar something 
from being a man because it was, for example, very hairy or hopeless at 
making tools. (See Beckner, 1959, for a discussion of this point.) 

Consequentiy, I would suggest that what we find in the case of the bio- 
species is something very much akin to what H. Putnam has called a ‘law- 
cluster’, a network of laws linking the biospecies to a morphological and 
behavioural cluster-concept which provides an alternative definition for 
the concept (1962, p. 379). In this sense, I think we can say that the bio- 
species is ‘real’ or ‘exists’. Further, I think that we can now see how in one 
way Dobzhansky’s solution to the problem is more satisfactory than either 
of those of Mayr and Simpson. Dobzhansky shows how the biospecies 
can be linked with other, logically independent characteristics. His fault 
lies in clouding the discussion with talk about super-organisms. Mayr 
and Simpson tried to solve the problem without any references to the 
wider biological context and therefore their attempts were bound to fail. 

The grounds for my claim that the biospecies is real are very similar 
to those which lead H. Lehman to say that the biospecies concept (which 
he calls the ‘gene-pool’ concept) is real (Lehman, 1967, p. 166). Lehman 
writes: “To ask if a species is real is to ask whether the species grouping 
arrived at by applying the principles involved in the species concept 
corresponds with groups of organisms amongst which important bio- 
logical relationships exist.’ I hope that my discussion above has shown that 
to use ‘real’ in this sense is not just to use it in some peculiar biological 
manner (which I think Lehman’s discussion might suggest) and which 
would therefore lay one open to the charge that one has defined ‘real’ in 
such a way as to solve analytically the problem of deciding between species 
concepts. This sense of ‘real’ is rather one which is used by all scientists, 
not just biologists. 

Turning to the other side of the coin, it is deer that a random morpho- 
logical species definition, for example the one which divides organisms into 
two classes, those under and those equal to and above ten pounds, is not 
real in the sense in which we have been discussing, since such classes 
cannot be fitted into any network of laws and thus cannot be given alterna- 
tive definitions in terms of logically independent phenomena. Such species 
are ‘empty’ or ‘unreal’. However although this conclusion holds for most 
morphologically defined species, it does not hold for every morphospecies. 
The morphospecies based on the total characteristics obviously does have 
an alternative definition, namely the biospecies. Here then is the answer 
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to my second question, why this particular kind of morphospecies seems 
more real than any other kind. 


4 THREE POSSIBLE OBJECTIONS 

The problem of species is for biologists somewhat like the problem of in- 
duction for philosophers. Like a hydra, no sooner has one solution been 
proposed to a problem than two far more ferocious problems appear in its 
stead. Therefore, to hope that my tentative solution will prove immune 
from attack would be foolish. However, I should like now to try to forestall 
three possible criticisms which might be made. The first is a charge that 
my solution to the species problem is based on an over-simplification of 
biological fact. I have presumed (or at least, implied) that there is a perfect 
1-1 correspondence between interbreeding groups which are reproduc- 
tively isolated (i.e. biospecies) and groups with overall morphological 
similarity. Because of this correspondence I have argued that one can see 
not only why biospecies are considered real but also why a certain type of 
morphospecies is considered real. However, such a perfect isomorphism 
is unfortunately not to be found in nature. There are groups of inter- 
breeding organisms which are reproductively isolated and which differ 
greatly morphologically amongst themselves. These are known as ‘poly- 
typic’ species. On the other hand, asexual organisms, although non- 
interbreeding, often form groups with members which are incredibly 
similar morphologically. Consequently although the alternative definitions 
usually delimit the same groups, they by no means always do so. Indeed, 
probably none of the trouble over species would ever have occurred had 
the correspondence been exact. 

Although this criticism does draw attention to an idealisation of bio- 
logical reality on my part, I do not believe that it invalidates my solution. 
The criticism would hold only if it could be shown that scientists never 
call a concept ‘real’ unless the alternative definitions form a perfect 1-1 
correspondence. However, I would argue that such a strict requirement is 
rarely, if ever, demanded. Consider the following topical example. The 
term ‘living man’ clearly denotes something which we would want to call 
real and it is easy to see that it satisfies Maxwell’s criterion. One can define 
a ‘living man’ as ‘a man with a beating heart’ and one can also use the 
logically independent definition ‘a man with brain activity’. Furthermore, 
the statement ‘a man with a beating heart is a man with brain activity and 
vice-versa’ is lawlike. However, as is well known, there are occasions when 
these two definitions fail to coincide. Accident victims with bad head 
injuries may have no brain activity and yet their hearts may be kept 
beating with a heart-pump. Nevertheless no one would want to argue that 
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because of these unfortunate cases one is saying nothing at all about reality 
if one calls something a living man. How else can one make sense of such a 
statement as “Because of his new heart Dr. Blaiberg has had a fresh lease 
of life’? 

This ‘theoretical fuzziness’ which surrounds scientific concepts has 
been remarked upon by several philosophers in recent years. D. H. Mellor 
for example, refers to it as ‘conceptual imprecision’. Talking about 
variables in physics he is led to write: 

I cannot think of one common variable in the physical sciences which suffi- 
ciently accurate measurement would not reveal as conceptually imprecise. The 
dimensions and mass of the most rigid, inert, and involatile solid are conceptually 


imprecise on an atomic scale; so are pressure and temperature even in the most 
isolated and stable equilibrium situation possible (Mellor, 1965, p. 110). 


Other names for the phenomenon are ‘vagueness’ (Quine, 1960) and 
‘inexactness’ (Körner, 1966). The important point to note is that, in 
Körner’s terminology, although scientific concepts may be inexact, and 
there may be ‘neutral’ candidates where one must make a somewhat 
arbitrary decision on whether to admit them or not, this does not under- 
mine one’s right to call such a concept ‘real’. In most cases species are real 
because they fit the alternative definitions—that there are border-line 
cases should not detract from this. Obviously if the number of border-line 
cases was significant with respect to the number of clear-cut cases, then 
one would have cause for concern. However such is not the case in this 
instance. 

The second objection is the claim that my whole proposal fails, because 
there are no laws at all in biology. People who have argued along these 
lines include not only some philosophers (see, for example, J. J. C. Smart, 
1963, ch. 3 ‘Physics and Biology’) but, surprisingly, some biologists as 
well (for example, G. G. Simpson, 1963, p. 29). Usually the basis for such 
a claim is that so-called biological ‘laws’ lack the true mark of lawlikeness ; 
they are merely true accidental generalisations. 

It seems clear that one of the most common marks of ‘lawlikeness’ 
(although perhaps neither a necessary nor sufficient condition) is that laws 
are to be found embedded in theories—they are part of a coherent whole, 
and thus we think they have a kind of necessity (‘nomic’ necessity) which 
is lacking in mere isolated generalisations. I would suggest that although 
it might not answer all of the critics, we can go a great deal of the way 
towards answering their objections if it can be shown that supposed ‘laws’ 
in biology occur not in isolation, but in the context of theories. In particu- 
lar, I would suggest that as far as our task here is concerned, it will be 
sufficient to show that the kinds of generalisations which connect the 
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biospecies with morphological and behavioural characteristics do not occur 
in isolation, but are the consequences of biological theory, more particu- 
larly, evolutionary theory. : 

If we look at the theory of evolution, we find that it implies not only 
that organisms will evolve, but that they will evolve in a particular way, 
namely, towards maximum adaptive advantage. By this I mean that one 
expects that by and large the kinds of physical and behavioural charac- 
teristics that organisms will have, will be the sorts of things which will 
enable their possessors to survive and reproduce. Now it is a truism that 
the world is not a particularly uniform sort of place—there are oceans, 
plains, forests, hills, deserts, polar regions, islands, continents and so on. 
Consequently one would expect an organism to evolve with special 
characteristics which are particularly suited to cope with the peculiarities 
of the environment in which it lives. Desert plants will have mechanisms 
which enable them to survive without much water and polar animals will 
have features which protect them from the cold. In other words, one 
would expect organisms living together to have characteristics in common, 
characteristics which are not shared by other organisms in different 
environments. That is, one would expect morphospecies and more im- 
portantly, morphospecies which are distinguished by very many charac- 
teristics. However, if we now delve into the problem more closely and ask 
how such morphospecies might be brought about and maintained, two 
mechanisms stand out sharply. First, the members of such groups can 
interbreed and thus can rapidly spread throughout the group advantageous 
characteristics which were formally possessed by but a few. Secondly, the 
members of such groups are reproductively isolated from other organisms, 
and thus do not waste their time and energy producing hybrids, adaptively 
fitted for neither parental niche. But possession of these two mechanisms 
is the condition for being a biospecies. In other words, evolutionary theory 
leads us to expect that if something is a biospecies, then it will also be a 
morphospecies based on many differences (and vice-versa). (Of course, 
this statement refers only to sexual organisms and does not deny the 
possibility of border-line cases. Indeed, if evolution has not stopped, one 
expects border-line cases as new species evolve.) But this claim embodies 
the very generalisation on which we are basing our thesis that biospecies 
are real. Hence if it is conceded that a generalisation which follows from 
evolutionary theory is a law, then the ascription of reality to the biospecies 
is justified. ; 

The third and final criticism I shall consider is one which is not directed 


1 Because of the exceptions to this generalisation I would be prepared to concede that it is 
what Helmer and Rescher (1959) have called a ‘quasi’ law. 
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against my solution as such but which tries to show that my solution con- 
flicts with the claim that some biologists make about their subject-matter. 
It runs as follows. ‘Biologists seem to stress the biospecies definition to 
the exclusion of any kind of morphological definition whatsoever and it 
has been claimed that the reason for this is that the biospecies can be given 
an alternative definition. However sauce for the goose is sauce for the 
gander—since the alternative to the biospecies is the total morphospecies, 
should biologists not be prepared to concede that here we do have one 
morphospecies which is as real as the biospecies (and that furthermore, 
since they coincide, our reasons for thinking any biospecies real are as 
much morphological as biological)?’ I agree, but would suggest that what 
is at fault is not my solution but biologists who deny the relevance of 
morphological information. In any case, their practice clearly shows that 
they do accept the total morphospecies as real—if not, then in 99 cases out 
of 100 they are working with unreal concepts. Of course, the reason for the 
stress placed on the biospecies definition is not hard to discover. In the 
first place, biologists are trying to get away from the tradition that species 
are no more than collections of similar objects. Consequently, they tend 
to ovér-emphasise the reproductive criteria. Secondly, as we have seen, 
within the context of evolutionary theory the biospecies criteria are in a 
sense the more fundamental because the reproductive criteria are the 
causes of the morphological similarities, rather than vice versa. Therefore, 
not only do the biological criteria seem to be in a way prior to the morpho- 
logical criteria, but when, as is sometimes the case, it is possible to delimit 
the biospecies by alternative sets of morphological criteria (i.e. when it is 
not necessary to use all the morphological evidence to get the biospecies, 
but one can use different, logically distinct, morphological definitions, an 
oversimplified example of which is man qua rational animal and man qua 
featherless-biped), the links between these alternatives are the biological 
criteria. Hence we get the biological preoccupation with the biospecies 
definition. 


5 RELATED PROBLEMS IN BIOLOGICAL CLASSIFICATION 


Let us now turn and consider briefly two other related matters which 
arise in the task of biological classification. I think that they too will support 
my claims about the nature of the reality of scientific concepts. First, let 
us look at the problem of ‘sibling-species’. The members of some popula- 
tions or organisms are identical or nearly identical to the members of other 
populations and yet the different populations are reproductively isolated. 
In such cases, although the biospecies concept can be applied, it is 
impossible or nearly impossible to find morphological or behavioural 
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characteristics upon which an alternative characterisation of the species con- 
cept can be made. In sucha case, if what I have written about the reality of 
scientific concepts is correct, biologists should be far less eager to classify 
different reproductively isolated populations of organisms as separate 
species. Biospecies in such cases would not be as real as in normal cases. 
It is interesting to find that biological practice falls in with this expectation; 
where no significant (morphological or behavioural) differences can be 
found, populations are usually classified as the same species, even though 
they may be reproductively isolated. For example, Datura species often 
have populations with chromosome irregularities which lead to reproduc- 
tive isolation. Such populations are lumped together with the main body 
into the same species.! 

Secondly, let us look at the problems which arise when biologists 
attempt to classify organisms into groups of higher order than the species. 
Obviously, it will be impossible to take more than a brief glance at some of 
the difficulties but nevertheless such a glance will be instructive, both for 
the light that we can throw on the difficulties and for the light that such 
difficulties will throw upon the criterion of scientific reality which has 
been proposed. Biologists’ dissatisfaction with groups of higher order is 
notorious: they will frequently talk of such groups as genera, classes and 
phyla as being ‘subjective’, ‘fictional’ or ‘unreal’. Further, there is rarely 
any agreement about the way in which classifications should be made using 
such groups. One biologist, for example, might group five species into 
one genus, whereas another might split the species into two or more 
genera. If what I have claimed about the nature of scientific concepts is 
correct, then the reason for this discussion should not be hard to find. 
One should find that it is impossible to fit genera, for example, into net- 
works of laws, and that consequently no definitions of genera can be given 
which do not contain the terms which enter into the original definition. 

To see if this is in fact so, let us consider the definition of genus given 
by Mayr (1942, p. 283). This is that: ‘A genus is a systematic unit including 
‘one species or a group of species of presumably common phylogenetic 
origin, separated by a decided gap from other similar groups.’ The 
obvious question to be asked about this definition is by what criterion one 
is to measure such a gap (apart from the question about how big a gap one 


1 It should be added that sibling-species are usually classified together because in most 
cases classification is made on the basis of morphological characteristics (by which, re- 
productive habits are inferred). The existence of reproductive barriers is not suspected. 
Furthermore, in most, if not nearly all, cases where populations have been found to be 
reproductively isolated from all others, intensive investigation has shown that such 
isolation is accompanied by morphological and behavioural differentiation. Thus the 
biospecies can be given alternative definitions and regain its reality. 
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is going to demand). Suppose one decides to do it by using morphological 
criteria. It could be argued that if one finds that a group of organisms differ 
from all other organisms by a specified amount, then these are to be 
classified as a separate genus, but not otherwise. However at this point, it 
could well be asked why any other biologist should accept this particular 
classification over all others. In other words, can one give any reasons for 
showing that one particular classification is real in a sense that all others 
are not? 

Now if what I have suggested is correct, if a certain classification at the 
genus level is describing reality, it ought to be possible to embed such 
genera in a network of laws, so that one can arrive at alternative definitions. 
I think that it is significant that this is precisely what biologists have 
attempted to do (and it is equally significant that they have failed in the 
attempt). The obvious direction in which one might move to try to find 
phenomena which could be linked (by laws) with morphological charac- 
teristics, is that of time. If, for example, one could show that the degree of 
morphological difference between genera was a function of the length of 
time since the genera broke away from their parent genus, then one would 
have two logically independent ways of characterising the genus, which 
could be embedded in connecting laws. That this would be sufficient to 
confer reality upon the genus is, I think, clearly indicated by the fact that 
many biologists have attempted to find such a connection. Unfortunately, 
their hopes have so far proven to be ill-founded—some groups differing 
widely morphologically have proven to be of recent common origin and 
conversely, some groups which are very similar have a distant common 
origin. However, biologists have not yet given up hope and are still trying 
to find such a connection—mainly by using new morphological charac- 
teristics. Nevertheless, I think it is fairly clear that the failure to find such 
a connection (or any other connection) is the basic reason why biologists 
feel that the genus and higher orders are nothing like as real as the species. 


6 TWO FINAL QUESTIONS 

In conclusion, I should like to look again briefly at Maxwell’s criterion, 
which I have suggested that any scientific concept must satisfy before it 
can be said to be ‘real’. In particular, I should like to ask first, whether 
scientists refuse to call a discipline ‘scientific’ before all or most of its 
concepts are ‘real’ in this sense, and secondly, why is it claimed that for 
reality a concept must have alternative independent definitions. The first 
question can be answered fairly easily. It is clear that there are sciences 
which depend very heavily on unreal concepts (or at least, concepts which 
have not yet been shown to be real). I think it has been shown above that 


118 M. Ruse 


genera cannot be said to be real, and yet some biologists make great use of 
the genus. Indeed, for the paleontologist, the genus is usually the basic 
unit of classification rather than the species. Nevertheless, paleontology is 
obviously a science. Of course, to say that scientists are prepared to use 
unreal concepts is not to deny that they feel extremely unhappy with 
them and try to remedy the situation. Nor is it to claim that one could 
have a science with no real concepts. Paleontology, for example, has many 
real concepts, perhaps the most obvious of which is ‘fossil’. 

As far as the second question is concerned, I am not sure that a complete 
answer can be given. It is certainly not a true inductive generalisation that 
the concepts scientists have used have always turned out to be real in the 
required sense, although it is undoubtedly the fact that concepts which 
have from an intuitive point of view seemed real, have usually been found 
to have alternative definitions. Nevertheless, although one may not be able 
to justify the claim that real scientific concepts will always have alternative 
definitions (unless one makes it analytically true that real concepts have 
alternative definitions), the motive for making the claim does not seem 
very surprising. This surely stems from the basic aims of science. The 
initial task of the scientist may be to describe empirical phenomena, but 
his eventual hope is to explain them. To do this in a satisfactory manner, 
he must show that they follow as the consequence of theories, that is as the 
consequence of networks of laws. The attempt by the scientist to embed 
his concepts within law networks seems an obvious move towards his 
desired end. 
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Phenomenal Geometry 


by E. J. CRAIG 


I 


In discussing Kant’s views about the apriority of geometry, commentators 
have sometimes sought to find something in his doctrine capable of sur- 
viving the discovery of the imperfect applicability of Euclidean geometry 
to physical space, and have suggested that this might be its necessary 
applicability to phenomenal space, or to ‘the way things appear to us’. 
Ewing (1938, p. 42) made this suggestion, and it has re-appeared in a 
slightly different form in Strawson (1966, p. 281 f.). 

Now this is not the view which Kant himself was putting forward 
when he said that synthetic a priori propositions apply only to phenomena, 
for here ‘phenomena’ means the everyday objects of Kant’s Empirical 
Realism, tables, planets and galaxies, rather than our sense-data or ‘bare 
representations’. But this negative point is nothing like sufficient to settle 
the exact nature of the thesis with which we have to deal. Several possi- 
bilities are left open, and I shall take them separately. As my title implies, 
I shall restrict myself to the problem of giving a phenomenal interpretation 
to the propositions of geometry. I see no reason why one should not attempt 
to do the same for arithmetic, but I have never seen this unambiguously 
proposed, though faint suggestions of it are to be found in J. S. Mill 
(1843)2 

Consider the following three versions of the theory that the axioms of 
Euclidean geometry (hereafter EG) apply to phenomena: 

Received 1 November 1968 

1 Such a remark as the following (Mill (1843), Bk. II, Ch. vi, $2) may be read in this way, 

though it need not be: 
And thus we may call “Three is two and one’ a definition of three; but the calcula- 
tions which depend on that proposition do not follow from the definition itself, but 
from an arithmetical theorem presupposed in it, namely, that collections of objects 
exist, which while they impress the senses thus, * * *, may be separated into two 
parts, thus, ** *. (My italics.) 

What is certain is that Mill supported the view that Euclidean geometry is true of 

mental images. One of the clearest passages is this (Bk. II, ch. v, §5): 
The foundations of geometry would therefore be laid in direct experience, even if 
the experiments (which in this case consist merely in attentive contemplation) 
were practised solely upon what we call our ideas, that is, upon the diagrams in our 
minds, and not upon outward objects, 

It is interesting to notice that Mill does not always seem quite sure whether he holds 

that this must be true, or just that it is true; and that he says that Euclidean geometry 


applies not only to mental images and physical objects, but also to what he calls 
‘appearances’. 
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(a) The axioms of EG are necessarily true of sense-impressions. 

(b) The axioms of EG are necessarily true of mental images. 

(c) The axioms of EG are necessarily true of the way things look. 
I intend the difference between (a) and (b) to rest on that between looking 
at an object and forming a visual image of it afterwards. When I look at an 
object I have a visual impression of it; (a) states that the axioms apply to 
these impressions. I may later form a mental picture of the object; (b) 
states that the axioms apply to these pictures. In the case of (c) a little 
more explanation is required. It is not implied that there are objects called 
‘the way things look’ subject to the axioms of EG, but rather that the 
axioms should be transcribed from statements as to how things are into 
statements as to how they look. Thus the axiom that there is only one 
straight line through any two (distinct) points yields, according to (c), a 
necessary truth if transformed as follows: 


If it looks as if two lines intersect in two distinct points, at least one of 
these lines looks bent. 


Version (c) says, in other words, that any object or figure necessarily 
looks as if it satisfied the axioms. 

It is unclear which of these, if any, Ewing and Strawson have in mind. 
Ewing writes of his suggested interpretation (1938, p. 42): 
This account is obviously compatible with the logical possibility of .non- 
Euclidean geometries, but it is incompatible with their application to perceptual 
space. 
In other words, the axioms necessarily hold of ‘perceptual space’, which 
sounds like (a), though it could possibly be (c). But Ewing also speaks as 
if he wished to attribute (b) to Kant, for instance by saying (p. 42): 
We observe empirically that in our pure intuition, e.g. the shortest distance 
between two points is always a straight line. 


I take it that when Ewing speaks of ‘pure intuition’ he is thinking of our 
faculty of forming mental pictures, which as a reading of Kant’s termino- 
logy would be both reasonable and in agreement with Strawson. The 
latter emerges from the beginning of the following passage, in which 
Strawson is introducing the objects of phenomenal geometry (1966, p. 
282): 

[The visual imagination] can supply us with what, for the want of a better word, 
I will call phenomenal figures. . . . The straight lines which are the objects of 
pure intuition are not physical straight lines. They are, perhaps, phenomenal 
straight lines. They are not physical objects, or physical edges, which, when we 
see them, look straight. They are rather the looks themselves which physical 
things have when, and in so far as, they look straight. 
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The reference to the visual imagination makes it look as if we are concerned 
with (b). But at the end of the passage (‘the looks which physical things 
have’) we switch to (a), or perhaps to (c).1 

Strawson is well aware, of course, that ‘the terminology of looks and 
phenomenal figures is highly suspicious’. He writes that it is ‘unsatis- 
factory to explain Euclidean geometry, even in one comparatively. un- 
important interpretation, as being about such objects as these; for it is 
simply too unclear what these objects are, or whether there are any such 
objects at all’. And he further rejects an attempt at clarification in terms of 
visual images, saying that this would be to substitute one obscurity for 
another. This I take to be expressive of a wish to drop (a) and (6). Is 
Strawson after (c)? A little later he writes (p. 289): 
I think it should be apparent that this terminology [i.e. of looks, phenomenal 
figures etc.] is really harmless. To use it is only to say that in pure visual geometry 
we really are not concerned with the physical objects we set before ourselves in 
any aspect except one—the aspect in which they represent for us the visual 
concepts we are concerned with. 
This does not do much to make plain exactly what the thesis of pheno- 
menal geometry is. It could do so only if the nature of the ‘visual concepts’ 
to which Strawson refers were already clear, and it is not, at least not to 
me. The same difficulty thwarts the next attempt as well (pp. 289-90): 
To say that the objects of phenomenal geometry are not these physical objects 
at all but the phenomenal figures they present is simply to say that it is only in 
so far as those objects do exhibit or suggest to us the visual characteristics in 
question that they have any relevance to phenomenal geometry. 
For an object to ‘exhibit’ the characteristic of straightness is, presumably, 
for it to be straight; and one could read the expressions ‘suggest to us the 
characteristic of straightness’ and ‘represent to us the concept of straight- 
ness’ in the same way. But straightness is not a visual characteristic or 
concept, if this means that all the criteria for correct application are visual 
ones; what might satisfy this requirement (without returning to the 
insecure ground of impressions and images) is the concept of ‘looking 
straight’,? which would bring us back to (c). My belief is that Strawson 
has (c) in mind. Certainly he cannot be said to have provided us with any 
clear fourth alternative. 


1 There is a considerable likelihood of all three of these possibilities appearing together. 
If one holds (a), it will take only the traditional doctrine of the basic similarity of im- 
pressions and images to give rise to (b). And anyone who thinks that when an object 
looks F, this is for there to be a visual impression of it, some constituent of which is F, 
will pass from (c) to (a). Further, anyone who accepts this may well accept the converse 
too, and take this as licensing a move from (a) to (e). 

2 Whether ‘looking F’ is a visual concept in this sense is not free from doubt. It might be 
held to contain covert reference to things which are F; if so, whether something looks 
F will, for many values of F, ultimately rest on criteria some of which are non-visual. 
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Consider first (a) and (b). As has been said, our understanding of them 
is clouded by the obscurity of the objects to which geometrical properties 
are here ascribed. But it seems to me that if there are such things (and if 
there are not (a) and (b) fail to say anything comprehensible), enough is 
clear about them to create a strong presumption that (a) and (b) are both 
false. Impressions and visual images are firstly private to one percipient, 
secondly available to not more than one sense, and thirdly admit of no 
observation from alternative viewpoints, or under alternative conditions. 
These points, plus a very weak assumption about the relation of meaning 
and verification, suffice to establish the falsehood of (a) and (b). 

The tests for whether a physical object, such as a stick, is straight are 
many and varied. One may look at it from a number of angles, run one’s 
fingers along it to see if there are any bends, check whether a rule will 
coincide with its edge along the whole of its length, roll it on a table to see 
whether it rolls smoothly, and so on. We can also call upon the testimony 
of several observers. The objects of (a) and (b) admit none of these possi- 
bilities. We have at best one sense, one viewpoint, one observer, and such 
evidence, in the case of a physical object, could certainly not establish its 
shape. So it seems that if one maintains a connection, even a rather loose 
one, between the meaning of a term and the tests used to establish, in a 
given case, that it is correctly applied, one must conclude that such terms 
as ‘straight’, ‘bent’, ‘parallel’ cannot be applied to impressions and images 
in the sense in which they are used of physical objects. This seems to me 
to leave only two ways of rescuing (a) and (5). One is to suppose that the 
standard sense of geometrical words is that which is appropriate to im- 
pressions and images but not to physical objects; I do not pursue this 
possibility. The other is to try to locate senses, perhaps related to the 
physical object senses, in which the words may properly be applied to 
impressions and images, and then interpret (a) and (b) in this way. I shall 
follow this proposal up in the last part of the paper. 

Before we go on to examine (c) a further point must be considered, 
which obliges us to reformulate the thesis of phenomenal geometry. 
Suppose one had some adequate physical equivalent of a straight line, such 
as the path of a light-ray. Then whether, e.g. a certain triangle was Eucli- 
dean or not could perhaps only be decided by the most delicate measure- 
ments. Whether a triangle was Euclidean or very nearly but not quite 
Euclidean might make no difference whatever to the way the triangle 
looked, and this might raise doubts as to whether a figure can look 
Euclidean at all. 

Now I have formulated (c) as: any object or figure necessarily looks as 
if it satisfied the axioms of EG. So one might think that (c) falls immediately, 
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on the grounds that nothing can look Euclidean, any more than it can 
look to have a length given in centimetres to five decimal places. It would 
be a pity, however, to let the whole idea of phenomenal geometry founder 
on this little rock, when it can be avoided simply by a negative formulation 
of the thesis. Even if it is not true that everything looks, and must look, 
Euclidean, still it might be true that nothing could look non-Euclidean. 

So let us for the time being take the modified version of (c), the con- 
tention that nothing can look not to satisfy the axioms of EG, as the re- 
maining candidate for truth and phenomenality. To reach a decision about 
it we obviously need an account of what it is for something to ‘look F’. 
In the next part of the paper I shall make suggestions about this, and 
try to relate these suggestions to (c). 


2 
A preliminary: one might be tempted to suppose that it is never correct 
to say ‘This looks F’ unless the speaker actually judges, on the basis of all 
he sees of the relevant situation, that the thing is F. I think that this is 
false, and that there is at least a sense of ‘This looks F’ which has no such 
consequence. But there is an ambiguity in the hypothesis which must be 
taken into account for my denial to amount to anything. We are considering 
the suggestion that: 

This looks F 
entails 

The speaker judges, on the basis of what he sees, that this is F. 
Now the consequent of this putative entailment could mean either 


(i) The speaker judges that this is F, and his evidence is what he sees, or 
(ii) If the speaker were to consider just what he sees, he would judge that 
this was F. 
It seems to me (and I shall later produce what I think is a case of this) 
that something could truly be said to look logically impossible, and if 
this is so there must be a sense of ‘It looks F’ which does not entail (i). 
But it would not of course follow that there was any sense which did not 
entail (ii), since someone could quite reasonably say, ‘If I were to consider 
just what I see, I would judge that it was logically impossible. But of 
course I don’t actually judge that, because I know it would be self- 
contradictory’. 

Quite apart from the possibility of something looking logically im- 
possible, however, ‘It looks F’ cannot possibly, in all its standard senses, 
entail (i), for (i) entails ‘the speaker judges that is F’, and might therefore 
be false just because someone he trusts implicitly on such matters has 


126 E. f. Craig 


assured him that it is not. There is surely some admissible sense of ‘to 
look F’ in which a thing can look F even though the percipient accepts 
that in fact it is otherwise. So the most one can possibly claim, I think, is 
that a thing can not correctly be said to look F unless that is the view the 
speaker would form given just all the visual evidence. My denial in the 
preceding paragraph was meant for this proposition. In other words, I 
shall assume that there is a sense of “This looks F’ in which it may be true 
even though the percipient would not judge that it was F, were he to take 
into account everything he could see at the time. Thus I shall not hold it 
against a proposed analysis that it allows the half-immersed stick to look 
bent even to someone who can see the water and has experience of the 
effects of refraction. 
The following possibility quickly comes to mind: 


For something to look F is for it to look as things which are F stan- 
dardly (or normally) look. 


For this to have much of a chance it must not make the actual existence of 
F’s necessary to anything’s looking F, so we must mentally add ‘or would 
standardly look if there were any’. We do not want an analysis of looking 
which will not allow anything to look like a dragon. But even then the 
analysis would begin to appear dubious if something could look logically 
impossible. It is not exactly clear what principles are available for assessing 
whether something ‘looks as a logically impossible thing would look if 
there were one’. 

But now we meet another obstacle. Our particular problem is whether 
anything could look non-Euclidean. (I should say that I understand this 
as meaning just ‘not Euclidean’, so that anything which looked straight- 
forwardly geometrically impossible would qualify.) On the analysis at 
present under discussion, this of course involves the question whether 
anything is or could be non-Euclidean. If it could, then something could 
look non-Euclidean, and (c) would be false. The only escape from this 
conclusion would be so to analyse the notion of normal or standard looks 
that only Euclidean things could have such looks. But how might this be 
done? To say that the looks are only ‘standard’ when the object looks 
Euclidean would seem to be quite arbitrary, and would render (c) trivial. 
It would also do the trick to require the observer to be in one of a certain 
class of positions relative to the object, so defining this class that it had 
members only if the object were Euclidean. But this would again seem 
1 Thus Austin, of ‘they look like ants’, said by a man at the top of the grandstand as the 
- teams run out below: ‘I mean, of course, that people seen from this vast distance look 


(rather) like ants seen from the sort of distance from which one normally sees ants—say 
about six feet’ (Austin (1962), pp. 40-1). 
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quite arbitrary, besides being devoid of all plausibility as an analysis of 
‘how something standardly looks’. So apparently it would be decisive 
against (c), in this interpretation, if there could be something non- 
Euclidean. 

This occasions a difficulty. For it is not clear exactly what is meant by 
asserting of an object, or region of space, that it is or is not Euclidean. The 
answer will depend, in a given case, on what physical interpretation one 
assigns to Euclid’s primitive terms. Suppose we are faced with a figure 
consisting of three intersecting great circles, i.e. a spherical triangle. The 
sum of its angles exceeds two right-angles. Now we might say that the 
sides were straight lines, perhaps on the grounds that they are the shortest 
paths connecting the vertices, provided that we remain on the surface of 
the sphere; under such an interpretation of ‘straight line’ the triangle 
would be non-Euclidean. But as we normally use those words, these would 
of course not be sufficient conditions for their application. For the triangle 
to be genuinely non-Euclidean its sides would have to pass a full-blooded 
test of straightness, not a watered-down version satisfiable by lines on the 
surface of a sphere. What constitutes such a test? 

This is in effect a request for an analysis of the concept of straightness, 
and I have no really satisfactory reply to it. Euclid said, as is well known, 
‘the shortest distance between two points’. But this will enable us to decide 
which lines are actually straight only if we have some technique for 
determining the lengths of lines, and this will presumably be based on 
certain physical assumptions and a certain geometry. Everyday tests for 
elementary geometrical properties (like the method for getting a tennis- 
court rectangular) are calculated on a Euclidean basis with, e.g. the points 
on a taut piece of string being taken to lie on a straight line, its length 
tacitly taken to be independent of its direction. Another equation one might 
consider is that of ‘straight line’ with ‘path of light-ray in empty space’, 
which is regularly employed by the cosmologist, and fits well with at least 
one of the principal tests for deciding whether something is straight or 
not, namely looking along it. But although some or all of these tests may 
coincide extensionally with our intuitive application of ‘straight’, none of 
them is very plausible as an analysis of that concept. And without the 
latter we cannot be very confident about the extensional equivalence 
either. 

Suppose we now try to side-step this difficulty by looking at an account 
of the meaning of ‘to look F’ in which reference to ‘being F’ does indeed 
occur, but in an intensional context. Take something on the lines of: 


To look F is to present such a visual appearance that an observer would 
judge it to be F. 
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Now of course I am not going to accept that, as it stands, as an analysis 
of ‘to look F’, for reasons already given; but even if one could accept it 
little benefit would accrue to (c). For if we say that the notorious stick in 
water looks straight, on the grounds that that is what the normal adult 
observer will be inclined to judge on the basis of what he sees, it quickly 
turns out that (c) is false, since it would then be perfectly possible for two 
things both to look straight and to look as if they enclosed a space. (‘The 
stick in-the tank and a line painted on the glass, for instance.) Possibly one 
might say that in this case the stick did not look any particular shape, so 
that the example was not relevant to the truth of (c), but to make this 
reply would be to abandon the whole point of the undertaking. The idea 
was to see whether Euclidean geometry, though possibly not true of 
physical space, might nevertheless in some sense apply of necessity to our 
visual experience. If we now suggest (c) as a candidate, but so interpret 
‘to look F’ that much of our visual experience falls outside its range, then 
(c) is not what we were looking for, even if it should turn out to be true. 

In any case, my guess is that (c), given this interpretation, would be at 
best trivially true. It would probably be just when the Euclideanness of a 
thing’s looks was in question that one would have qualms about saying 
either that it looked F or that it looked ~F. That is, just those cases which 
might have brought the truth of (c) into question would be ruled out of its 
scope, and that would make it uninteresting. 

The principal trouble with the foregoing attempt at an analysis is that 
it takes no account of the sense of ‘looks F’ in which a thing may look F 
even though the observer has no serious tendency to think that it is F, on 
the basis of what he sees, since he can see that factors are present which 
he knows to produce just this kind of aberration. We may allow for this 
possibility by saying: 


For something to look F is for it so to appear (visually) that an observer 
would be inclined to judge that it is F, on the basis of what he sees, if 
an absolute minimum of perceptual clues were available to him. 


The requirement that perceptual clues be eliminated as far as possible 
suggests a new point. Imagine a figure in which two lines intersect twice 
in points some distance apart, and run very close to one another, though 
visibly separate, in the intervening distance. They appear to enclose a 
space, but it would surely be rather dogmatic to deny the possibility that 
each of these lines could look straight, when the elimination of additional 
information included the temporary covering up of the other line. But 
what if it does not include this, so that the question is whether both lines 
could look straight when the whole figure is viewed at once? It is in terms 
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of the simultaneous viewing of the whole that the thesis tends to be stated. 
Thus J. F. Bennett has written (1966, p. 31): 


... it seems that if both intersections are seen at once, at least one of the lines 
must look curved. 


And Strawson, considering the suggestion that two railway lines may both 
look straight, yet look to enclose a space, says (1966, pp. 290-91): 

Thus the example of the railway track can be dismissed as not being what it 
claims to be. . . . The subject has one picture of straight lines converging, even 
meeting; then, when he turns round, another such picture. He has no single 


picture which could properly be described in terms of seeing two straight lines 
both as straight and as enclosing a space. 


It seems that on the interpretation which allows the elimination of clues 

to include covering up other parts of the figure, (c) is going to be false. 

If this is not included, we have to ask whether the percipient can be 

inclined to judge, on the basis of what he sees, that something is F, 

when he knows that if anything is F it is non-Euclidean. There are two 

possibilities: 

1. He may believe that it is logically impossible for anything to be non- 
Euclidean, in which case he will not judge that the thing is F. However 
(looking back to the distinction between (i) and (ii), page 125, above) he 
might be inclined to judge that it is F were he to consider just what he 
sees and exclude his knowledge that what is F is non-Euclidean. 

2. He may believe that it is logically possible for something to be non- 
Euclidean. In this case he might be inclined to judge that the object was 
F, whether he had taken his knowledge that what is F is non-Euclidean 
into account or not. 


Unsurprisingly, we find no decisive confirmation of (c) here. But we 
should notice one thing about the sort of analysis of ‘looking’ which we 
are now examining: if consideration of what a percipient is inclined to 
judge is to be acceptable in this context, we will have to understand this in 
the sense of ‘rationally inclined to judge’: We do not want to make ‘how 
things look’ dependent upon the groundless whims of individual observers. 
Thus we are obviously not interested in the case of a man who is inclined 
to judge that something is F as a result of a neurotic wish to think as 
many things F as possible, nor in that of a man who is inclined to judge 
that a piece of leather is artificial because he sees that it is stamped ‘Made 
in Birmingham’ and mistakenly believes all such articles to be artificial. 


1] do not intend to give the impression that Bennett is a supporter of Phenomenal 
Geometry. Indeed, he expresses his doubts about it in the sentence immediately follow- 
ing the one I have quoted. 
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We require at least some grounds for the claim that this is how things 
which are F might be expected to look. 

Our hope was to evade the difficulties involved in the concept of ‘being 
straight’ by attempting an analysis of ‘looking straight’ in which ‘being 
straight’ occurred only in an intensional context, namely as the object of 
‘to judge that’. But the evasive action fails. For we would not accept a case 
of ‘looking F’ unless we had some reason to believe that the way the object 
was appearing to the percipient was a way in which things that were F 
might appear. This reason might be of either or both of two kinds. We 
might have had sufficient experience of seeing things that are F to know 
that they frequently appear like this; or we might know enough about 
what it is to be an F and the conditions and mechanism of perception to 
know, or have reason to think, that they would look like this were we to see 
any. So that the notion of ‘being F’ gets back into the open, as it were. 
And unclarities about it therefore carry over to the concept of ‘looking F’ 
even on our putative intensional analysis. 

The position, then, is that I have not yet managed to locate (c) with any 
confidence; but I shall not let that stop me having a last go at refuting it. 
We may not be able to say, in general, how something must look to look 
non-Euclidean (perhaps because it is not clear or settled what it is for 
something to be non-Euclidean, perhaps for some other reason). But it 
remains clear that something logically impossible is non-Euclidean, 
provided the logical impossibility concerns its spatial properties. So if 
something looks logically impossible it looks non-Euclidean, and I hope 
to show that an object can look like this. 

To this end I refer the reader to Figure 1, a drawing by M. C. Escher 
(1967, Pl. 68). This is a picture of a building with a staircase going round 
the roof. It is a quadrilateral staircase, with a small landing at each corner. 
From any landing a staircase leads upwards to the next, another upwards 
from there to the third landing, another upwards from there to the 
fourth, another upwards from the fourth—to the landing from which we 
started. So this is a picture of a building on which there are four points 
which conflict with the transitivity of ‘higher than’. Now the transitivity of 
‘higher than’ is logically necessary, and this does not depend upon one’s 
choice of geometry. ‘Higher than’ will be defined in terms of distance from 
a specified plane, so that it can no more be intransitive that the relation 
‘numerically greater than’ can be intransitive. That is to say, Escher’s 
drawing is of a building which is not just non-Euclidean but actually 
impossible. 

That there can be a picture of a logically impossible object does not in 
itself show that an object could look impossible. But it would take a brave 
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man to deny, after seeing this drawing, that a three-dimensional model 
might, perhaps with the aid of cunning lighting and painted shadows, 
give the effect that Escher has given here, when viewed from certain 
angles. It would look, from those angles, as if there were four points, 
A-D, such that B was higher than A, C than B, D than C, and A than D. 
And if this is a possibility, (c) is false. 


3 ' 

‘I shall now say no more about (c), but further consideration is due to the 
original alternatives (a) and (b). Even if sense-data and mental images 
cannot be, e.g. straight in the same sense as physical objects, there may 
- nevertheless be some other (and perfectly natural) sense in which the 
elementary geometrical predicätes can be applied to them. At least one 
sort of image, the mirror-image, can be straight, and in just the sense in 
which physical objects can be, although they are certainly not physical 
objects themselves. For mirror-images can actually be located in space, 
and the question is then simply whether the points occupied by the image 
lie on a straight line, in the standard sense appropriate to sticks and stones. 

A mirror-image both appears to be in space and is locatable in space. 
A sort of image of which the former is true but not the latter is the so- 
called ‘after-image’. If one says of an after-image that it is straight, this 
might mean that it could cover up, in the visual field, some straight object 
or edge. In fact, though, to define ‘straight after-image’ in this way would 
lead to unacceptable results. We would not call-such an image ‘straight’ 
just because it could cover up, or be brought into coincidence with our 
image of, a straight object, unless that object was looking straight at the 
time. And if it was looking straight at the time we might call an after- 
image which could cover it ‘straight’ whether it (the original object) 
actually was straight or not. 

Do these points throw any light on our two versions of Phenomenal 
Geometry, (a) and (b)? Let us take (b), the one about mental images, first. 
A mental image is certainly not locatable in space; nor does it even appear 
to be in space, in the way in which an after-image does. Consequently 
neither of the two methods so far mentioned are any use when it comes to 
ascribing a sense to ‘straight mental image’. It remains open to us, of 
course to give it the sense of ‘image of something straight’, but it is not 
sufficiently clear what this is, nor does it become any clearer when we 
make the necessary modification to ‘image of something which looks 
straight’. An image could not be of something which looked straight unless 
having that image was rather like seeing something which looked straight. 
So if we take some geometrical property F, possession of which entails 


132 E. J. Craig 


being non-Euclidean, a mental image would not be F unless to have it were 
‚rather like perceiving something which looked F. Thus our question comes 
back to (c); for if, as a matter of logical necessity, nothing could look F, 
there could be no image which was F. And if on the other hand something 
could look F, why should there not be a mental image of a thing which 
looked F, that is, a mental image which was F? It looks as if (b), on this 
interpretation, would be true if and only if (c) were true. 

Consider now (a), the proposal that Euclidean geometry is necessarily 
true of sense-impressions. Can the points so far made be brought to bear 
upon it? The questions whether visual sense-impressions are either 
locatable in space or appear to be in space have no intuitively obvious 
answer; but fortunately it is possible for us to avoid them. If they are 
locatable in space, like mirror-images, then they can be non-Euclidean 
if and only if there can be non-Euclidean physical objects; if they are not, 
we must seek the criteria of application for geometrical predicates else- 
where. Even if one does not say that they appear to be in space, still some 
version of the ‘covering up’ formula is available. Thus we might say that a 
visual impression is straight if it can coincide with or cover up in the visual 
field an object which looks straight. In this case, if nothing could look F, 
presumably no sense-impression could be F; if something could look F, 
then certainly a sense-impression could be F. But here a complication 
arises, and leads on to better things. 

We can introduce the point in the following way: suppose someone is 
looking at a rectangular frame which is tilted away from him. (I mean 
‘rectangular’ to exclude squareness, i.e. for ‘quadrilateral with four right- 
angles and adjacent sides of unequal length’.) Then, given normal viewing 
conditions, the frame will look rectangular; but it will nonetheless be 
possible to cover it up in the visual field by interposing a frame which is 
square, and which looks to be square. Now both of these frames may be 
covered up in the visual field by the same object, which may itself look 
either square or rectangular, so that by the criterion given, the sense im- 
pression of either frame has an equal right to be called square or rect- 
angular. In applying the ‘covering-up’ method one is, as it were, projecting 
figures on to a plane perpendicular to the line of vision, and many different 
(and also ‘different looking’) figures have the same projection. 

By a sort of generalisation of this we arrive at a result which may well 
have something to do with the initial plausibility of Phenomenal Geometry. 
Suppose we are looking at some figure. Whatever it may be, and irrespec- 
tive of whether it ‘looks Euclidean’ or not, there will be a projection of it, 
as we see it, on to a Euclidean plane. Thus if we look at a spherical triangle 
we will be able to cover it up by a figure, drawn on a Euclidean plane, 
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something like Figure 2. Similarly, if we have a three-dimensional version 
of the Escher building, the projection of what we see on to a Euclidean 
plane will be a figure rather like Fig. 1. And Figure 1, considered in 
itself just a figure on a page of a book, neither is nor looks logically im- 
possible, nor even non-Euclidean. 


Fic. 2. 


So, whatever the nature of the figure, our sense-impressions of it could, 
by this criterion, be said to be Euclidean, or, at any rate, not to be non- 
Euclidean. This is a necessary proposition; but a very weak one. For if 
one figure can blot out or cover up another, it can also be blotted out or 
covered up by it. So if we can say that our sense-impression of a figure 
which looks non-Euclidean is Euclidean, on the grounds that it could be 
covered up by another figure which looked Euclidean, we could also say 
the converse. We still need to know, therefore, why it is natural to us to 
describe the impressions in one way and most unnatural to describe them 
in the other; without this the point just made would do nothing to show 
what it is which has made the suggestion that phenomena are necessarily 
Euclidean so attractive. But there the answer is fairly simple: we tend to 
interpret in terms of the sort of figure which we are used to seeing—the 
projections we take are projections on to fairly small plane surfaces, and 
all the fairly small plane surfaces with which we are acquainted have, to the 
very highest degree of approximation, a Euclidean geometry. If we lived 
in a space in which everyday objects showed a marked divergence from the 
Euclidean, no doubt we would think from the other direction. 

One is still tempted to ask: but if everyday objects were markedly non- 
Euclidean, how would they look? The question is puzzling, but I suspect 
that this is because it is two questions disguised as one. If we are concerned 
with the nature of the momentary visual data had by someone observing 
a piece of his non-Euclidean environment, the answer is that it might be 
just as it is now; though we would have to relearn the correlations between 
it and the geometrical properties which objects actually had. And if it were 
different, it would still be possible to describe it as Euclidean by the 
criterion I have been discussing, though, being accustomed to seeing and 
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living in a non-Euclidean space, we would almost certainly not do so. But 
if the question is: ‘How would everyday objects look in the sense of (c)”, 
then I think the answer must be that they would look just as they were, 
namely non-Euclidean. Certainly we would come to judge, on the basis 
of our visual data, what geometrical properties they had; and the properties 
we would judge them to have would be non-Euclidean. 


Churchill College Cambridge 
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Model-Structures and Model-Objects 


by HENRY BYERLY 


I 


The term ‘model’ has a remarkably flexible and open use in science which 
apparently serves the scientist’s purposes. For purposes of philosophical 
analysis, however, when we talk about the role of models, some distinctions 
must be clearly drawn. I shall examine two aspects of talk about models in 
science: reference to mathematical structures, and reference to objects 
which exhibit those structures. These aspects I shall indicate by the 
qualifications: model-structure and model-object. As I hope will become 
clear, this terminology is intended neither to divide models into two classes 
nor to indicate the basic elements of which models consist. What I shall try 
to do is to bring into focus the important role in scientific theories of the 
descriptive content of model-objects over and above the logical-mathe- 
matical structures. 

Uses of the term ‘model’ go along with various uses of ‘theory’. Where 
there is a precise sense of the term ‘theory’, as in mathematical logic, 
there is a correspondingly precise sense of ‘model’. Tarski develops the 
notion of a mathematical model starting from the very broad concept of a 
‘possible realisation’ of a class of sentences. Taking a theory to be simply 
a class T of sentences, if we abstract from the descriptive content by 
replacing the non-logical terms by variables of corresponding type, we 
get a class T* of sentential functions. Tarski then defines a model of T as 
any sequence of objects which satisfies every sentential function of T* 
(1956, p. 417). Following Tarski’s basic notions, P. Suppes defines ‘model’ 
in terms of set-theoretical structures. A structure here consists of a basic 
set of objects together with relations or operations defined on the basic 
set. Suppes then defines a model as a structure in which the relations 
satisfy certain conditions such as transitivity, symmetry, etc. (1960, p. 290). 

I shall instead call Suppes’s structure a model-structure and contrast 
it with what I call a model-object: any sort of object from which a structure 
might be abstracted. The model-object might be just the basic set of a 
structure, but in general it will be an object from which the basic set 
itself is abstracted. A model-object, as I construe it, may be idealised, but 
it will always have descriptive (non-logical) content. A model-structure, on 


Received 21 February 1969. This is a revised version of a paper delivered at the Biennial 
Meeting of the Philosophy of Science Association, Pittsburgh, Pa., 11-13 October 1968. 


136 H. Byerly 


the other hand, is a definitely specifiable schema of mathematical-logical 
relationships. A model-object is specified by the sort of ‘open texture’ 
terms we use to talk about objects in ordinary discourse, whether tables, 
atoms, or stars. The model-object ‘carries’ as it were the logical-mathe- 
matical structure of the model-structure. 

Using the term ‘model-structure’ to stand for the structure suggested 
by a model-object allows us to focus on the role of model-objects as they 
are used by scientists to isolate the significant structure from a set of data. 
The scientist begins, I suggest, with an informal theory, with a set of 
assertions about some subject matter. These assertions are generally 
intended to reflect some noted or suspected regularities: the initial 
assertions are causally organised. The scientist then tries to construct a 
more precise theory for which experimental data will, hopefully, provide a 
model-object. 

Various dichotomies have been stressed in the literature on models: 
the abstract as opposed to the concrete, the symbolic as opposed to the 
iconic or pictorial, even the mental as opposed to the physical.’ To place 
my use of terms in perspective among current distinctions in the philo- 
sophical literature, I shall comment briefly on a few of these. 

Mary Hesse (1964) contrasts in a helpful way two senses of models as 
analogues. Her model, is an analogue minus the (known) negative analogy. 
Her model,, the analogue object which includes the negative analogy, 
corresponds more or less with what I call a model-object. 

R. B. Braithwaite, on the other hand, is not much concerned with the 
role of analogues. He stresses rather the contrast between a calculus and 
its various interpretations. A model on Braithwaite’s view is one interpreta- 
tion of a theory as opposed to another (1953, p. 90). One inadequacy I find 
with this conception of scientific models is that it leaves no place for what 
I call a theoretical model-object.? 

Peter Achinstein emphasizes a distinction between ‘theoretical models’ 
and analogues. According to Achinstein, ‘a theoretical model consists of a 
set of assumptions about some object or system’ (1965, p. 103). The general 
notion of an informal theory might, however, be similarly characterised. 
Achinstein does in fact allow that the terms ‘model’ and ‘theory’ be used 
interchangeably in those cases in which these terms ‘refer to the same set 
of assumptions’ (p. 103). The difference which Achinstein emphasises is 
that theoretical models are ‘proposed as a way of representing the structure 
1 “We use the word (‘‘model”’) . . . to describe our simplified mental picture of a physical 

object’ (Synge and Griffith, 1949, p. 5 n.). 
2 For a critical discussion of Braithwaite’s view on models see M. Spector (1965). Spector 


notes that ‘according to the explication offered by Braithwaite, then, the objects of the 
model cannot be identified with the theoretical objects of the theory’ (p. 125). 
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of an object or system for certain purposes’ (p. 105). A theory as contrasted 
with a model is put forward as a definitive theory, as a set of principles by 
which a system is actually governed. Achinstein’s distinction between 
model and theory captures rather well some important aspects of the 
scientist’s actual use of these terms. I think, however, that his distinctions 
cut across just what is crucial for the explication of some philosophical 
puzzles surrounding the use of the terms ‘theoretical’ and ‘observational’ 
in the contrast between theoretical and observational terms. Achinstein 
seems to view a theoretical model as a candidate for a theory. A model then 
becomes a full-blown theory when the assumptions making up the model 
are taken to be representative of actual underlying structure. One might 
succinctly, if roughly, express Achinstein’s notion of a theoretical model 
with the phrase: accepted theoretical theory. That this phrase sounds 
barbarous points up a fact worth noting: the qualification ‘theoretical’, 
for Achinstein, does not have the simple sense of ‘pertaining to theory’. 

Max Black also distinguishes between theoretical models and analogues. 
His contrast between an actualisation of ‘same structure’ in a medium 
(analogue model) as opposed to ‘description of possible structures’ stresses 
the sort of distinction which I find important in certain philosophical 
contexts, For my purposes, however, I find Black’s use of ‘analogue’ too 
restrictive and his notion of ‘possible structures’ not definite enough. 

What I find lacking in the use of the above distinctions is a systematic 
relation to grounds which are defensible as parts of a general philosophical 
position. My distinction between model-structures and model-objects is 
intended to be very general and innocuous, but my application of it less so. 
The purpose of the structure-object contrast is to emphasise the old form- 
matter distinction in its modern reformulation: the logical-descriptive 
dichotomy. Despite the surrounding philosophical controversies, I believe 
that a systematic application of this distinction brings some order into 
questions concerning the role of models in science. 


2 

There are a variety of model-objects involved in the kinetic theory of 
gases. I shall mention three. One model-object is the postulated set of 
molecules themselves. This might be called the theoretical model-object. 
But the ‘model’ in turn for the set of molecules is an aggregate of colliding 
billiard balls. In the historical development of the kinetic theory of gases 
various model-objects and correspondingly various model-structures were 
proposed. A volume of gas was ‘imagined’ to consist of a large number of 
small particles in motion. These small particles may in turn be taken to 
have various characteristics. Hesse (1964) contrasts three models for the 
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particles. Boyle imagined them to be ‘like little coiled springs’; Newton 
imagined them ‘as spheres which exert repulsive forces on each other’. 
These static models were finally rejected in favour of Bernoulli’s dynamic 
model-object in which we imagine a gas ‘to consist of a large numberof 
particles in rapid random motion’. Finally the testing of the classical 
kinetic theory is in terms of statements about a third model-object: the 
macroscopic volumes of gases. A model-structure is abstracted from one 
model-object, the billiard balls, and applied to another model-object, the 
molecules. The model-structure imposed on the postulated molecules 
expresses a set of causal relationships derived from Newton’s laws. This 
model-structure is in turn correlated with a set of relationships between 
pressures, volumes and temperatures of specimens of gases. 

What then is the theory and what is the model in the kinetic theory of 
gases? It is sometimes said that the use of the term ‘model’ in such contexts 
amount to calling the familiar domain the model for the unfamiliar. With 
the collection of billiard-ball-like particles as the model (model-object) 
for the macroscopic theory of gases, the ‘familiar’ domain is, confusingly, 
the domain of the unobservable molecules. A familiar structure is imputed 
to an unfamiliar domain. What is familiar is the model-structure, not the 
set of molecules which is the theoretical model-object. 

The key to an explication of the role of models in science is often taken 
to be isomorphism or common structure. The sharing of logical structure 
in the usual sense of isomorphism consists in the existence of a one-to-one 
correspondence between elements of two domains which preserves 
certain relations. To say that two objects exhibit some ‘common structure’ 
is not to say much until the relevant relations are cited. Merely so to 
atomise a collection of objects that they have the same number of elements 
yields the degenerate case of isomorphism when no relations are considered. 
At the other extreme are categorical theories in which each: model of a 
theory (each true interpretation), is isomorphic to any model. In this case 
we can say that the models (the model-structure interpreted with respect 
to any model-object), differ only in the notations in which they are pre- 
sented. This sense of ‘complete’ isomorphism for model-structures makes 
sense, however, only for mathematical objects, not for model-objects 
having descriptive content. 

An isomorphism between two scientific theories or more generally 
between any two ‘objects’ is best construed in terms of isomorphism of 
structures which are abstracted from the theories or objects. This focuses 
attention on the selection of those relations with respect to which the 
isomorphism holds, a selection from an indefinite number of possible 
isomorphisms which in general could be exhibited. One reason for intro- 
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ducing the notion of model-structure instead of simply speaking of iso- 
morphisms (or homomorphisms) is that two domains may be structurally 
similar in that they satisfy the same set-theoretical predicate without 
there existing a one-to-one correspondence which preserves the structure 
in question. Just because all mathematical theories are not categorical, the 
notion of structural similarity cannot in general be explicated by simply 
exhibiting isomorphism. Consider, as a very simple example, the cyclic 
group of four elements and the group of symmetries of the rectangle. 
Each structure has the same number of elements and each satisfies the 
same group axioms, yet the two are not isomorphic. The same structure, 
the same relative to the group axioms, is differently structured, as it were. 

J. W. Swanson criticises those who fall back on what he terms ‘the 
relatively sterile notion of shared or isomorphic structures’ (1966, p. 297). 
He finds the prevalent tendency in the literature on models to reduce 
their role to an ‘imputation of structure’ clearly inadequate so long as the 
relationship of ‘similar structure’ is construed as symmetrical. The model 
relation in science is asymmetrical, Swanson argues, and essentially so, 
whereas an isomorphism in the usual sense is clearly symmetrical. Swanson 
suggests that Goodman’s notion of extensional isomorphism as ‘replace- 
ability of ultimate factors’ captures the sort of asymmetry required of the 
model relationship. A model M can be said to be isomorphic to a theory T, 
in Goodman’s sense, even though T is not isomorphic to M, provided the 
model has a richer substructure. 

The sense of ‘richer substructure of the model’ requires some clarifi- 
cation. It is model-objects which are in question, and the notion of richer 
substructure is rather different for theoretical model-objects than in the 
case of the familiar analogue model-objects. The richer substructure of the 
model-object as an analogue corresponds to the neutral and negative 
analogies: the surplus characteristics of the analogue which, so far as we 
know, may or may not have correlates in the theoretical model-object. 
To assume a richer structure for the theoretical model-object would, in 
fact, be one expression of the realist view of the status of theoretical 
entities. ; i 

The different cases of richer substructure are rather clear in the case of 
the classical kinetic theory of gases. The theoretical model-object, the 
aggregate of molecules, is ‘richer’ in the sense that, say, interchanging the 
positions and velocities of individual molecules has no correlate in the 
macroscopic realm. On the other hand, every perceptibly different 
macroscopic effect presumably corresponds to different microscopic states. 
The analogue of the colliding billiard balls, however, has many charac- 
teristics such as colour and imperfect elasticity which are not correlated 
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as relevant characteristics in the kinetic theory. It would be clearer here, I 
believe, to consider the abstraction or selection of a model-structure from 
the analogue of the colliding billiard balls. The question of asymmetry of 
two interpretations of one calculus arises in the contrast of the theoretical 
model-object of the molecules with the model-object of macroscopic 
volumes of gases, both of which provide domains of interpretation for the 
same model-structure. The asymmetry arises because the ultimate factors 
of the theoretical model-object (molecules and their characteristics), are not 
correlated one-to-one with the ultimate factors of the volumes of gases, at 
least not if the ultimate factors of gases are taken as those properties we 
use to characterise macroscopic volumes of gases. 

If differences in substructure are to be specified by ‘ultimate factors’, 
what should count as such factors? The non-arbitrary character of the 
substructure of the theoretical model-object, I suggest, is grounded in the 
causal relations which are imputed to the elements of that domain. Causal 
relations serve to delimit a system as a unity, as one physical system. But 
causal relations make sense only where there is descriptive content. Set- 
theoretical systems in mathematics have no descriptive content. At 
least the only ultimate factor or ‘individual’ which need be postulated is the 
null set. Mathematical objects can always be construed as fragments of 
set theory which may be generated in terms of logical relationships between 
class structures. For this reason there would be little point in distinguishing 
model-structures and model-objects in mathematical model theory. In 
scientific model-building, I believe, there is. 


3 

The problem of theoretical entities as a philosophical problem lies in such 
questions as: how do we extend our knowledge beyond immediate ex- 
perience, beyond the here and now? In keeping with my appeal to the 
logical-descriptive dichotomy, I suggest that there are two elementary ways 
of ‘escaping’ the limits of immediate perception: logical extension, in which 
we impute structure; and analogical extension in terms of similarity of 
descriptive properties and relations. 

Philosophical controveries over the use of models in science have some 
roots in an ancient philosophical problem, the problem of universals. 
Models in science are always models of something, and the relationship 
‘between the model and that which is modelled always involves similarity. 
The problem of universals, as I take it here, is the problem of accounting 
for assertions of similarity. There are, however, two broad classes of 
‘similarities to consider: formal similarities and material or descriptive 
similarities. Issues raised concerning mathematical-logical universals 
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should be distinguished from the classical problem of universals con- 

cerning the ontological status of descriptive properties. Questions raised 

about the status of mathematical structures and logical forms are rather 
different from questions raised about the status of descriptive properties 
and relations.* 

The crucial difference in the problem of universals which concerns 
descriptive properties as opposed to that concerning logical structures is 
that logical-mathematical structure is extensible in a sense in which per- 
ceptual properties are not. The logical relationships of the numerical 
measures of physical variables require, as it were, no new universals. We 
can talk about the wavelengths of X-rays, for example, by means of the 
correlated numbers, but not—in the same sense of ‘talk about’—can we 
make statements about their would-be colour. Even so, some terms pur- 
porting to describe theoretical entities are applicable to observable things. 
This is obvious to some, problematic to others.? Do atomic particles have 
mass and spatial configuration in the same sense as, say, planets? However 
this may be, if we impute any descriptive properties at all to theoretical 
entities, these must be properties which we understand from perceptual 
contexts. There is something incoherent in the notion of an unobservable 
descriptive property, though not in the notion of properties of unobserved 
or even unobservable objects. Realists, as opposed to nominalists, will say 
that the same properties and relations may be exemplified in many instances. 
Realists, as opposed to idealists, add that there are unobserved instances of 
properties. Realists, as opposed to instrumentalists, add finally that there 
are unobservable instances of such properties. 

Some philosophers speculate that our knowledge of theoretical entities 
is ‘purely structural’. Such a view raises the question: how might we 
distinguish physics as ultimately a science of pure structures from mathe- 
matics as the science of formal structures? The issue here is not whether 
theoretical entities are ‘logical constructions’ but whether they are con- 
structions out of pure logic and mathematics. If theoretical terms can only 
be ‘implicitly defined’ by the axioms of the theory, our notions of theo- 
retical entities would seem to be limited to the ‘purely structural’. The 
limitation of implicit definition is just that from logical structure only 
logical structure can be elicited. Such a general limitation of implicit 
definition follows from the Loewenheim-Skolem theorem. A felicitous 
expression of this is Quine’s comment: 

1 Philosophical issues raised concerning the ontological status of classes would seem to 
involve both kinds of questions. Some philosophera might use this fact to try to undercut 
the logical-descriptive dichotomy itself; others would try to use the logical-descriptive 
distinction to help clarify the questions raised concerning the status of classes. 

2 See, for example, M. Spector (1965, pp. 140-2). 
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The force of the Loewenheim-Skolem theorem is that the narrowly logical 
structure of a theory . . . is insufficient to distinguish its objects from the positive 
integers (1959, p. 260). 

Formal analogies alone are not decisive in scientific theory construction. 
This is clear when one considers the diverse applications of a type of 
mathematical equation. Those who hold that it is in virtue of the common 
structure alone that models are useful would assent, I suspect, to Hertz’s 
maxim: ‘Maxwell’s theory is Maxwell’s system of equations’ (1923, p. 23). 
As with so many suggestive maxims, taken literally it is either trivial or 
false. If Maxwell’s equations are considered formally as mathematical 
functions of numerical variables, we do not have Maxwell’s theory at all, 
any more than the equation for a parabola is Galileo’s law for falling bodies. 
Once interpretation and context are added to the equations, the maxim 
loses its punch. In the case of Maxwell’s equations, May Brodbeck (1959) 
emphasises the applicability of the same descriptive terms as a requisite 
for identifying light with electromagnetic waves. Mary Hesse, on the other 
hand, requires the notion of electromagnetic phenomena ‘producing’ 
optical phenomena (1966, p. 45). In either case electromagnetic and optical 
phenomena must share descriptive content, which is the point I wish to 
bring out here. 


4 

The question: what is the role of models in constructing and testing 
scientific theories becomes two questions if we distinguish model-structures 
from model-objects. We can thus sharpen the Campbell-Duhem debate 
(see Hesse, 1966) over the role of models in science. When Duhem argues 
that models are logically dispensable in science, he means model-objects, 
not model-structures. But even a thus clarified Duhemian view is, I 
believe, untenable. A recent expression of what I call the Duhemian view 
is G. L. Farre’s critique of Swanson. Farre argues that ‘it is the structure 
of the theory that is imputed to the model and governs it’ (1967, p. 142). 
Model-objects, models as analogues, are ‘otiose’, and models only serve 
to represent a theory for the purpose of drawing out the logical conse- 
quences of a theory. But at stake is the interpretation of a theory, and this 
is more than tracing the logical consequences of some calculus. Farre 
argues in the case of the Bohr model of the atom that ‘the similarity of 
structure between the analogue (the planetary system), and the theory was 
due to the similarity of form between the gravitational and the electric 
field equations’ (p. 140). Bohr did not in fact appeal directly to the planetary 
system analogue to support his theory. Nevertheless, there is more to the 
Bohr theory than the equations and their logical-mathematical relationships. 
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There is the geometrical picture in the postulated theoretical model-object 
of little particle electrons with mass and charge orbiting about a bigger, 
heavier nucleus. 

A comparison comes to mind: mathematicians generally consider drawn 
figures in analytic geometry as mere crutches to help develop proofs. The 
‘real proof’ is in purely analytical terms. Model-objects, one might say, 
suggest model-structures in somewhat the way that figures suggest proofs 
in analytic geometry. And the analogy is a close one, for the relationship 
between the algebraic formulae and the graphical representations is most 
perspicuously viewed as one between theory and model. Beginning with 
intuitive ideas of points and lines in a plane, the Euclidean geometry of the 
plane may be axiomatised. The axioms contain descriptive predicates 
such as ‘P’ and ‘L’ (corresponding to point and line). By correlating sets of 
numbers with these predicates there results a true interpretation in arith- 
metic. Arithmetic provides a model (model-structure) for the axioms of 
formalised geometry of the plane. But this does not reduce geometrical 
axioms to arithmetic truths. There is more to being spatial than satisfying 
an axiomatisation of Euclidean or any other geometry. We presumably 
have some descriptive knowledge of spatial relations and geometrical 
figures, knowledge of the model-object of perceptual space. 

Questions concerning the role of models in the construction of scientific 

theories may be raised in the form: in what sense do models explain? At 
one extreme is the answer: ‘In practice the explanatory function of models 
appears rather obsolete in present-day physics’ (Groenewold, 1961, p. 103). 
At the other extreme is the answer that ‘every explanation is essentially 
connected with the use of a certain model’ (Kuipers, 1961, p. 128). I do 
not believe that either of these extreme views is plausible, unless the terms 
‘explanation’ and ‘model’ are used in very special senses. Leo Apostel 
suggests, mistakenly I believe, that model-building stands as some sort of 
alternative to the explanation by deduction from laws. He contends: 
There is perhaps no clearer refutation of the so often heard thesis according to 
which to explain is to infer, than the fact that explanation occurs so often, or 
even nearly always, through model-building (1961, p. 138). 
But is it the model-building itself which provides explanations? The situ- 
ation is rather that explanation takes place in deductive systems which are 
commonly suggested by model-objects. The concepts associated with 
models as such are not explanatory until deductions are made using the 
relationships of the abstracted model-structures. 

To explain, I should argue, is to bring out logical relationships, even if 
scientific explanation may well not always consist in straightforward 
inferences. But then there is always a ‘that which’ is logically related, and 
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this is not just empty structures. ‘Pure mathematics’, Black notes, ‘provides 
the form of an explanation’ whereas ‘causal explanations must be sought 
elsewhere’ (1962, p. 225). The ‘elsewhere’, I suggest, is the causal relations 
in model-objects. Causal relationships, in any plausible use of ‘causal’, 
require descriptive content. We use, I have argued, causal relationships 
among characteristics of model-objects to suggest the lawlike relationships 
among characteristics imputed to theoretical entities. One mark of a 
realist view of theoretical entities is the assumption of causal relationships 
among them. The final point then of my contrast between model-structures 
and model-objects is that not just descriptive concepts suggested by model- 
objects, not just logical-mathematical model-structures, but logical 
relationships among descriptive concepts provide explanations. 


University of Arizona 
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ARE PHYSICAL EVENTS THEMSELVES TRANSIENTLY 
PAST, PRESENT AND FUTURE? 
A REPLY TO H. A. C. DOBBS 


X THE MIND-DEPENDENCE OF NOWNESS 


In the common sense view of the world, it is of the very essence of time that 
events occur now, or are past or future. Furthermore, events are held to change 
with respect to belonging to the future or the present. Our commonplace use of 
tenses codifies our experience that any particular present is superseded by another 
whose event-content thereby ‘comes into being’. It is this occurring now or 
coming into being of previously future events and their subsequent belonging 
to the past which is called ‘becoming’ or ‘passage’. Thus, by involving reference 
to occurring now, at present, or in the present, becoming involves more than 
mere occurrence at various serially ordered clock times. And without the now- 
ness of events, there is no becoming but only a serial order with respect to the 
relations ‘earlier than’ or ‘later than’. The past and the future can be charac- 
terised as respectively earlier and later than the present. Hence the physical 
status, if any, of becoming turns on the status of the present or ‘now’ as an 
attribute of physical events in their own right. 

Thus, in my recent book on Zeno’s paradoxes, I asked the following question: 
“if a physical event occurs now (at present, in the present), what attribute or 
relation of its occurrence can warrantedly be held to qualify it as such’ (1968, 
p. 16)? And I was careful to point out (p. 17) that in asking this question, we 
must be mindful of the distinction beween the tensed and the tenseless senses of 
being present, past, or future. For if at a given clock time 2, it is true to say of a 
particular event Æ that it is occurring now or happening at present, then this 
claim could not also be truly made at all other clock times t% tọ And hence 
we must distinguish the tensed assertion of present occurrence from the tenseless 
assertion that the event E occurs at the time 7%): namely, the latter tenseless 
assertion, if true at all, can truly be made at all times ż other than z, no less than 
at the time tọ. By the same token we must guard against identifying the tensed 
assertion, made at some particular time ty, that the event E happens at present 
with the tenseless assertion made at any time ż, that the event E occurs or ‘is 
present’ at time tọ And similarly for the distinction between the tensed senses 
of being past or being future, on the one hand, and the tenseless senses of being 
past at time t, or being future at time tọ on the other. To be future at time fy 
just means to be later than tẹ which is a tenseless relation and obtains at all 
times if it obtains at all at some one time. By the same token, to be past with 
respect to f is merely to sustain the tenseless relation of being earlier to the time 
ty. Thus our question is: what over and above its otherwise tenseless occurrence at a 
certain clock time t, in fact, at a time t, characterises a physical event as now or as 
belonging to the present? 

- The relevant part of the reply to this question which I offered in the first 
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chapter of my cited book was the following: What qualifies a physical event at a 
time t as belonging to the present or as now is not some physical attribute of the 
event or some relation it sustains to other purely physical events; instead what 
is necessary to so qualify the event is that at the time ¢ at least one human or other 
mind-possessing organism M is conceptually aware of experiencing the event at 
that time. And that awareness does not, in general, comprise information con- 
cerning the date and numerical clock time of the occurrence of the event. 

My characterisation of present happening or occurring now is intended to 
deny that belonging to the present is a physical attribute of a physical event E 
which is independent of any judgmental awareness of the occurrence of E. But 
I am not offering any kind of definition of the adverbial attribute ‘now’, which 
belongs to the conceptual framework of tensed discourse, solely in terms of 
attributes and relations drawn from the tenseless (Minkowskian) framework of 
temporal discourse familiar from physics. In particular, I avowedly invoked 
the present tense when I made the nowness of an event Z at time ż dependent on 
someone’s knowing at ¢ that he is experiencing E. And this is tantamount to 
someone’s judging at t: I am experiencing E now. But this formulation is non- 
viciously circular. For it serves to articulate the mind-dependence of nowness, 
not to claim erroneously that it has been eliminated by explicit definition, 

Emphasising that I was speaking of nowness as a purported ‘fundamental 
property of physical events themselves’, I had claimed support for my account 
on the following grounds (1968, p. 21): 


It seems to me of decisive significance that no cognizance is taken of nowness 
(in the sense associated with becoming) in any of the extant theories of 
physics. If nowness were a fundamental property of physical events them- 
selves, then it would be very strange indeed that it could go unrecognized 
in all extant physical theories without detriment to their explanatory success. 


2 DOBBS’ CRITIQUE 
This account of nowness prompted H. A. C. Dobbs to raise the following several 
objections (1969, p. 318): 

(i) But there is a very large and important body of physical theory which deals 

with prediction in which the concept of objective physical ‘nowness’ is basic. 

As evidence for this claim, Dobbs adduces several statements by Norbert 
Wiener, to wit: ‘physically applicable operators of engineering allow us to work 
with the past of our data but not with their future’ ; ‘while the past of a time series 
is accessible for examination, its future is not. That means that our operators 
must have an inherent one-sidedness’, and, @ propos of ergodic theory, ‘This 
allows us to identify averages made in the observable past of a time series with 
averages to be subsequently obtained from the now unattainable future’ (Dobbs, 
1969, pp. 318-19). 

Thence Dobbs concludes (p. 319) that ‘contrary to Grünbaum’s assertion, 
there is cognizance of “nowness” in an important part of physics as it is currently 
practised by scientists’, 

(ii) Indeed the ‘nowness’ which can be said to lie at the heart of the conceptual 

structure of the physics of statistical predictive systems is a sort of objec- 
tive counterpart to the human sense of the present; in a way that is 
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analogous to the sense in which the physical colour of an object is an 
objective counterpart to the subjective experience of seeing it as coloured 
in a certain way. 

... In the case of transiency in time we have the objective 2 = o division 
between past and future, in relation to the permissible time-operators of 
the predictor system, as the objective counterpart to the subjective sense of 
the passage of time to a particular person. ... where for example a predictor 
system works as part of statistical forecasting equipment, using physical 
methods dependent as Wiener puts it ‘only on the past and present of the 
function [e.g. the path of the cyclone]’, special filters are required. These 
behave as autocorrelators which are able to yield a prediction by integrating 
all the data over a given segment of the negative time values of the past 
up to the time point ¢ = o which is the physical present. The physical 
‘now’ which is the objective counterpart to the ‘mental now’ of which 
Griinbaum speaks, consists for such physical predictor systems in the 
latest time at which information is taken into the leading filter of the 
predictor (Dobbs, 1969, p. 320). 


(iii) Although the mind-dependence of ‘nowness’ had been espoused by 
Weyl, Eddington, Einstein, and Bertrand Russell, among others, it is a silly 
theory ‘in Broad’s sense of “silly theories” which we could not possibly hold 
when not philosophising’ (Dobbs, 1969, p. 318). To support this appraisal, 
Dobbs asserts that there is the following alleged difficulty (pp. 317-18): 


This view is certainly highly paradoxical. It runs counter to common 
sense in the most obvious way. We ordinarily in our practical life act on the 
belief that we are surrounded by a mass of physical events which are objec- 
tively present, quite apart from our perceiving them and making explicit 
judgments about their happening. It is difficult to see how such unpleasant 
experiences as wholly unforeseen accidents could occur, if only those events 
of which we were aware were actually happening. 


And Dobbs concludes his paper by saying (p. 324): 


While philosophers may be forgiven intellectual extravagances of this kind, 
I think it is a pity when they receive encouragement from theoretical 
physicists ... 


(iv) In response to my statement that ‘I cannot see why the states of awareness 
which make for becoming must have physical event counterparts which iso- 
morphically become in their own right’ (1968, p. 27), Dobbs says (pp. 321-2): 

. .. the answer is that this is the simplest and most obvious explanation 
of how and why we all have an agreed and working practical simultaneity 
in our experiences. . . But unless this agreement is founded on some 
common objective counterpart to the mental ‘now’, which causes our 
individual brains to register “now” with practical simultaneity, it is im- 
possible to see why I should not be contrary, and hold that “now it is 
twelve noon on Queen Anne’s birthday in the year 1700.” In other words, 
unless the mental becoming of the experience of the specious present is 
occasioned by the physical becoming present of the neurophysical events 
underlying consciousness, the fact of intersubjective practical simultaneity 
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would be explicable only in terms of a miraculous pre-established (spiritual- 
ist) harmony (1969, pp. 321-2). 


3 REPLY TO DOBBS 
I wish to explain in this note why I believe that all of Dobbs’ objections are 
based on errors, serious misunderstandings, or outright disregard of my text. 

I devoted a separate section (§ 2) of the chapter criticised by Dobbs to “The 
Distinction Between Temporal Becoming and the Anisotropy of Time’ (1968, 
pp. 9-16). In particular, I wrote there (pp. 12-13): 

When physicists say with Eddington that time has an “arrow,” it is this 
anisotropy to which they are referring metaphorically. Specifically, the 
spatial opposition between the head and the tail of the arrow represents the 
structural anisotropy of time. 

Note that we were able to characterize a process as irreversible and time as 
anisotropic without any explicit or tacit reliance on the transient now or on 
tenses of past, present, and future. By the same token, we are able to assert 
metaphorically that time has an “arrow” without any covert or outright 
reference to events as occurring now, happening at present, or coming into 
being. Nonetheless, the anisotropy of time symbolized by the arrow has 
been falsely equated in the literature with the transiency of the now or 
becoming of events. ... 

Dobbs’ attempt to base an objective physical nowness on the ‘inherent one- 
sidedness’ which characterises Norbert Wiener’s temporally asymmetric examples 
involves precisely this error, as we shall now see. To do so, we must first note 
preliminarily that the irreversible physical processes which make for the aniso- 
tropy of the time of physics also make for certain temporal asymmetries of 
determination or statistical correlation as between certain physical states. And 
thence result specifiable kinds of temporal asymmetries of inferability. The 
significance of Wiener’s temporal asymmetries for the issue before us will now 
be seen to emerge from examples which do not require the technicalities of 
meteorology. 

Suppose that at some one physical clock time t, the sand of a beach forms a 
smooth surface except for a few contiguous places where it is in the shape of a 
horse’s four hoofs. Then there is a high probability that at some time r earlier 
than fp the beach was an open system which interacted with a horse’s hoofs at 
the particular places in question. But there is no correspondingly high prob- 
ability that the beach will interact with a horse’s hoofs at these particular places 
at a time ¢ later than t. This temporal asymmetry of statistical correlation with 
respect to the given time tọ holds independently of whether the time t} is past, 
present or future. Consequently, independently of whether t is past, present or 
future, the specified data pertaining to the time Z, permit an inference to an 
interaction at some time before tọ. Clearly, we can here speak tenselessly of this 
inference as being ‘retrodictive’ with respect to Z). In this sense of ‘retrodict’, 
an astronomer working in 1969 might then use information pertaining to the 
state of the solar system at some remote future time 2, to retrodict its state at 
some less remote future time r, where 1969<7<dp. 

Independently of whether the time t is past, present or future, the data 
pertaining to the state of the beach at the time z, do not permit a corresponding 
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temporally ‘forward’ inference of the occurrence of the specified kind of inter- 
action at a time ¢ after tọ We can speak tenselessly of the latter inference as 
‘predictive’ even though the times after tọ with which the inference is con- 
cerned belong to our past at the time of our doing so. 

Thus here there is a temporal asymmetry of statistical correlation and hence of 
inferability between retrodictability from specified data for tọ and the corres- 
ponding predictive inferability from these same data. But this temporal asym- 
metry or ‘one-sidedness’ does not depend in any way on whether ty belongs to 
the past, present, or future at the time when we wish to draw inferences from the 
information pertaining to fọ. It is a physical fact that mere footprint data existing 
at tọ have retrodictive but no corresponding predictive significance with respect 
to tọ And we can assert this fact veridically at any and all times other than t, no 
less than at the time t,! Hence this physical fact cannot suffice to confer ‘nowness’ 
on the particular instant i, to which it pertains! Clearly, if we are alive at fọ we 
can choose to assert this asymmetry about z, veridically at the very time tọ. In 
that case, our assertion will refer to the instant 2, as ‘now’, because that instant is 
also the time at which it is being made or uttered. But this fact hardly establishes 
Dobbs’ claim that ‘objective physical “nowness” is basic’ as a property of 
physical events themselves. For what confers ‘nowness’ on fy in that case other 
than its relation to our experience, awareness and our resulting utterance? What 
else imparts to the events in the simultaneity class żą the transient property of 
nowness over and above their tenseless occurrence at t? Dobbs has not told us, 
and I submit that he cannot tell us. 

Nor does his claim follow at all from the existence of cases in which indeter- 
ministic laws of physics make for the physical unavailability of certain informa- 
tion pertaining to 2, until after ¢,. I explained the irrelevance of indeterminism 
to becoming in my Section on ‘Becoming and the Conflict Between Deter- 
minism and Indeterminism’ (1968, ch. 1, § 5) à propos of my critique of Reichen- 
bach’s proposed definition of the present as ‘the moment at which that which 
was undetermined becomes determined’ (1953, p. 156). For there I wrote: 


... if we consider any one of the temporally successive regions of space-time, 
we can veridically assert the following at any time: The events belonging 
to that particular region’s absolute past could be (more or less) uniquely 
specified in records which are a part of that region, whereas its particular 
absolute future is thence quantum mechanically unpredictable. Accordingly, 
every event, be it that of Plato’s birth or the birth of a person born in the year 
A.D. 2000, at all times constitutes a divide in Reichenbach’s sense between 
its own recordable past and its unpredictable future, thereby satisfying 
Reichenbach’s definition of the “present” or “now” at any and all times! And 
if Reichenbach were to reply that the indeterminacies of the events of the 
year of Plato’s birth have already been transformed into a determinacy, 
whereas those of A.D. 2000 have not, then the rejoinder would be: This 
tensed conjunction holds for any state between sometime in 428 B.C. and 
A.D. 2000 that qualifies as now during that interval on grounds other than 
Reichenbach’s asymmetry of determinedness; but the second conjunct of 
this conjunction does not hold for any state after A.D. 2000 which qualifies 
as now after that date. Accordingly, contrary to Reichenbach, the now of 
conceptualized awareness must be invoked tacitly at time £, if the instant £ 
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is to be non-trivially and non-arbitrarily singled out as present or now by 
Reichenbach’s criterion, i.e., if the instant ¢ is to be uniquely singled out at 
time ¢ as being “now” in virtue of being the threshold of the transition from 
indeterminacy to determinacy (1968, pp. 30-1). 


Dobbs (1969, p. 318) claims that my ‘account betrays a serious ignorance of 
certain disciplines of physics, namely just those in which cognisance has to be 
taken’ of the existence of data whose temporal significance must have an inherent 
one-sidedness. Far from having overlooked these kinds of cases in physics, I had 
called attention in earlier books to the physical theory which underlies them 
(1963 and 1964, ch. 9) and (1967, pp. 170-2). Thus, for example, I had there 
considered the following case: at a time ¢, a ball begins to roll down from rest at 
a particular place P on the wall of a round bow! subject to gravitation and friction, 
whereupon the ball ends up at rest at the bottom of the bowl at some later time 
t, Relatively to this particular kind of information regarding the states s, and sy 
of the assumedly closed system prevailing at successive times ¢, and tę respec- 
tively, the following species of temporal asymmetry holds: from the information 
that state s, obtains at ¢,, and certain theoretical principles, it cannot be inferred 
retrodictively that the particular kind of state s} prevailed at some time before 
ty; but from the information that s, prevails at ¢,, the same theoretical principles 
permit us to infer predictively that the s, kind of state will occur in our closed 
system at some time after Z,. But again note that this temporal asymmetry, no 
less than the one we discussed above, makes no essential reference to the tenses 
of past, present and future. For it is independent of whether 2, is past, present 
or future in the unsuccessful retrodictive inference and of whether i, is past, 
present or future in the successful predictive inference. And it is, of course, 
again unavailing to Dobbs’ case that this tenseless temporal asymmetry can be 
embedded in a tensed context as follows: if at a time ¢ we humans work with 
physical data pertaining to the very time ¢ at which we work with them, then it 
will be true to say at ¢ that the physical data in question pertain to ‘the present’ 
or to ‘now’. 

The same difficulty besets Dobbs’ invocation of Wiener’s reference to ‘the 
now unattainable future’ 4 propos of the time-extrapolation involved in the sub- 
stitution of phase averages for time averages in statistical mechanics. This 
substitution involves extrapolating data pertaining to a time stretch before tą to 
occurrences at times after tọ And the laws of the physical theory in question 
countenance this extrapolation alike regardless of whether the state at t, belongs 
to the past, present or future. To be sure, there are physical regularities which 
make for t,'s role as an inferential ‘bridge’ to the period after tọ. But, without 
essential reliance on the scientist’s consciously making the extrapolation at the 
time ż rather than at some other time, this does not suffice to qualify £, as ‘now’ 
and the period after ż¿ as ‘the now unattainable future’. 

Imagine Enrico Fermi standing at the Chicago site of his first nuclear chain 
reaction of 1942 and declaring as a physicist: ‘Here is the point on earth where 
the first such controlled physical reaction took place.’ Fermi would then be 
asserting as a physical fact that the Chicago site, which he was then identifying 
by a relation to himself as ‘here’, is the locus of the 1942 reaction in question. But 
he would surely not be declaring that the physical theory which characterises the 
properties of the reaction also ascribes to it a relational spatial attribute of 
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‘hereness’ which is objective in the sense that its existence is independent of any 
act of thought or speech by a percipient. When physicists use physical theory in 
pragmatic contexts, their ‘here’ or ‘now’ perspectives can be imported into their 
descriptions of physical events in these contexts. But this fact does not show at 
all that physical theory takes cognisance of hereness or nowness as an objective, 
mind-independent property of physical events themselves! 

In short, Dobbs’ objections (i) and (ii), which invoke Wiener’s temporal 
asymmetries, rest on his failure to heed my explicit caveat not to confuse the 
tenseless ‘past-future’ asymmetry of earlier and later than z, with the tensed 
one associated with the ‘now’ of becoming. The fact that the former asymmetry 
is indeed physically objective is no proof at all that the perceived ‘now’ has an 
objective physical temporal counterpart, which is not mind-dependent. The 
former asymmetry is none other than the ‘earlier-later’ asymmetry of the irrever- 
sible physical processes which make for Eddington’s so-called ‘time’s arrow’. 
Unlike Eddington, Henri Bergson indicted the temporal description furnished 
by mathematical physics for not taking ontological cognisance of the temporal 
flux or becoming associated with the transient now. Hence it was very misleading 
on Norbert Wiener’s part to have labelled the time ingredient in the physics of 
irreversible processes as ‘Bergsonian’ (rather than ‘Eddingtonian’!), thereby 
abetting Dobbs’ confusion.! 

So much for Dobbs’ first two objections. 

His third objection points to the existence of unforeseen accidents as a supposed 
difficulty for my position. But I fail to see how the grotesque misunderstanding 
on which it rests could have occurred except by Dobbs’ outright disregard of 
the following explicit statements of mine: 

The mind-dependence thesis . . . clearly avows that physical events do 
happen independently of any mind in the tenseless sense of merely occurring 
at certain clock times in the context of objective relations of earlier and 
later (1968, p. 23). 

... by tacitly making the nozoness of an event a necessary condition for its 
occurrence, existence, or reality, philosophers have argued fallaciously ... 
(op. cit. p. 16). 

. .. to assert in this context that becoming is mind-dependent is not to 
assert that the obtaining of the relation of temporal precedence among 
physical events is mind-dependent (op. cit. p. 8). 

Oblivious of these several caveats of mine, Dobbs’ appeal to the occurrence of 
unexpected accidents merely trades on the ambiguity between the tensed and 
tenseless senses of the terms ‘present’ and ‘actually happening’. I claim no less 
ardently than he that ‘we are surrounded by a mass of physical events which are 
objectively present, quite apart from our perceiving them,’ provided that ‘are 
objectively present’ means ‘occur tenselessly’. 

Furthermore, I had argued (p. 8) for the need to ‘supplant the scientifically 
untutored view of common sense’. Hence I find no cogency in Dobbs’ objection 
that the mind-dependence of nowness ‘runs counter to common sense in the 
most obvious way’. Science is replete with claims and concepts that are either 
denied or not dreamt of in common sense philosophy. And thus I find it puzzling 


1 See ch. I, entitled ‘Newtonian and Bergsonian Time’ by Norbert Wiener (1961). The 
same confusion can be found in Wiener (1956), pp. 322-8. 
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to be told that the adequacy of a philosophy of physics is to be judged by the 
naive realist criteria of ordinary language philosophy. 

A similarly obscurantist appeal to ordinary language usage is made by Eva 
Cassirer’s claim (Brit. F. Phil. Sci. 19 (1969), 361) that my thesis of the mind- 
dependence of becoming is false on the following grounds: in our normal, i.e. 
common sense use of the word ‘becoming’, ‘we usually do not mean a “becoming- 
aware-of”, but an objective coming-into-being of an event or a thing’. This 
argument is as devoid of cogency as the claim that the occurrence of common 
sense colour attributes in nature cannot be mind-dependent because the meaning 
of ordinary, pre-scientific colour predicates involves no reference to any mind- 
dependence! 

It remains to deal with objection (iv). Dobbs acknowledges that I had coupled 
my characterisation of becoming as mind-dependent with the following contention 
of philosophic naturalism: the mental events themselves on which it depends 
do require a biochemical physical base or possibly a cybernetic hardware type 
of physical base. Nonetheless Dobbs’ charges that “The only way of denying 
the attribution of objective transient presentness to the physical processes in the 
brain would be to adopt a kind of extreme mentalism or spiritualism, which 
denied effective causal relationship between brain processes and mental pro- 
cesses’ (1969, p. 231). But I took pains to explain in detail why the existence 
of features peculiar to the time of awareness does not run counter to my denial 
of the existence of disembodied consciousness and does mot pose causal per- 
plexities: the supposition that it does pose such perplexities rests on a naive 
construal of causal correlation as a certain kind of isomorphism, akin to the 
error in Descartes’ unsound scholastic principle that there must be nothing more 
in the effect than is in the cause (1968, pp. 25-6). 

I had concluded (p. 27) that ‘I cannot see why the states of awareness which 
make for becoming must have physical event-counterparts which isomorphically 
become in their own right’. Dobbs counters this rhetorical question with the claim 
that unless we postulate such isomorphism, ‘the fact of intersubjective practical 
simultaneity would be explicable only in terms of a miraculous pre-established 
(spiritualist) harmony’ (1969, p. 322). I now confront this allegation with the 
fact that I had explained (1968, pp. 27-8) why 

The mind-dependence of becoming is no more refuted by such inter- 
subjectivity as obtains in regard to tense than the mind-dependence of 
common-sense color attributes is in the least disproved by agreement amang 
several percipients as to the color of a chair. 
In brief, I had noted that a physical event tenselessly occurring at a time t can 
readily produce effects in each of several percipients such that at practically the 
time ¢ each percipient is first aware of its occurrence. What, I ask, is puzzling in 
that case about the fact that at practically the time #, the percipients will each 
judge and hence agree that the event in question occurred ‘just now’? 

Thus, my account makes perfectly good sense of the fact that there is temporal 
parity of access to the occurrence of a physical event, which issues in inter- 
subjective ‘now’-verdicts, and thereby in agreement. How then does it follow 
inductively from the practical simultaneity furnished by these inter-subjective 


1 Grünbaum (1968, p. 17, n. 12). For a fuller statement of my views on this point, see 
Griinbaum (1969). 
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now-verdicts that the physical event must, in its own right, possess an objective 
transient property of nowness? It is plain that my account fully enables me to 
say why it would be simply false for Mr Dobbs to judge at any time during his 
lifetime that ‘now it is twelve noon on Queen Anne’s birthday in the year 1700’ 
(1969, p. 322). Does my account not enable me to give as the obvious reason 
that there simply is no event in Mr Dobbs’ lifetime that is simultaneous with any 
event in the year 1700? And is it not clear that this account is entirely compatible 
with my rejection of ‘mysticism’? 

I hope it is now evident why I think that scientists who understand the dis- 
tinctions conflated by Dobbs will endorse my espousal of the thesis of the mind- 
dependence of ‘nowness’. 

A. GRÜNBAUM 


University of Pittsburgh 
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IF JONES ONLY KNEW MORE! 


William L. Harper and Henry Kyburg (1968) have recently argued that two 
examples which I used as counterinstances to Richard Jeffrey’s (1965, ch. 11) 
proposed principles for a ‘probability kinematics’ do not conflict with Jeffrey’s 
recommendations. Apparently, the source of disagreement stems from a differ- 
ence between Harper and Kyburg, on the one hand, and myself, on the other, 
regarding the scope of application of Jeffrey’s theory. I continue to believe that 
my examples are genuine counterinstances to Jeffrey’s theory when construed 
as I explicitly interpreted it in my paper. By reading Jeffrey differently, Harper 
and Kyburg have argued, with only partial success, that my examples fail to 
confound Jeffrey’s proposals. 

There is ample evidence in Jeffrey’s writing to support both readings. How- 
ever, the philosophical significance of Jeffrey’s contribution is not the same under 
both interpretations. Jeffrey has explicitly claimed in several places that his pro- 
posals permit him to bypass the problem of determining when empirical pro- 
positions can legitimately be admitted into evidence and assigned probability 1. 
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He could not have reasonably made this claim had he intended the scope of appli- 
cation of his proposals to be restricted to cases of the sort considered by Harper 
and Kyburg. If Jeffrey’s theory were to cover adequately (counter to fact, I think) 
the cases I consider, he would have seriously undercut one argument for a view 
which Kyburg and I share—to wit, that some account should be given of con- 
ditions under which empirical propositions are admitted into evidence. I shall 
attempt to clarify these matters in this discussion. 

The main points can be covered quite well, I believe, by restricting attention 
to the first of my two ‘counterinstances’. 

At tọ Jones knows that a given urn contains either 5 blue and 5 green discs 
(H) or 10 blue and o green discs (H). He also knows that one disc has been 
drawn from the urn although he has not as yet observed the disc or in any other 
way been informed of its colour. E is the proposition that the disc drawn is blue 
and E that the disc drawn is green. 

At fp Jones’ probability function is prob. If Jones follows what Harper and 
Kyburg agree to be sensible statistical practice, the draw from the urns should 
be regarded as ‘random’. That is to say, prob(E/H) = 0-5 and prob(E/H) = 1. 

To fix ideas, let prob(H) = 0-8. From this information together with coherence 
requirements, the following values of the prob-function can be calculated. 

prob(E) = prob(H)prob(E/H)+prob(H)prob(E/H) 
= (0-8 x 0-5)+-(0-2 x I) 


=o6 
ob 
pro) = 067 


prob(H/E) = 1:0 

At tł, Jones observes the disc and in response changes the probability he 
assigns to E from 0-6 to 0-9. That is to say, his new function prib is such that 
prib (E) = 0:9. The problem is to determine the values of prib(H), prib(H/E), 
prib(E/H), etc. 

As it stands, the problem is not sufficiently characterised. Nothing has been 
said regarding which propositions Jones has admitted into evidence and accorded 
probability x in response to observation. There are three cases to consider. 


I THE STANDARD CASE 


Upon observing the disc, Jones admits into evidence some proposition Z such 
that prob(E/Z) = o9 and such that prob(H/Z), prob(H/E&Z), prob(E/H&Z), 
etc., are all precisely defined. In the standard case, Jeffrey would acknowledge 
that there is no need for a surrogate for conditionalisation. In order to determine 
prib-values, he would set prib(...) = prob(.../Z) and apply the ordinary 
theorems of the probability calculus as required by coherence conditions. 

Nonetheless, it will prove useful to consider two special situations which 
could theoretically arise in the standard case: 


(a) prob(H/E&Z) = prob(H/E). When thiscondition holds, prib(H/E)=prob(H/E). 
Assuming that prib(H/E) = prob(H/E) as well, it follows from the in- 
formation given that prib(E/H) does not equal pro E/H). The draw of the disc 
from the urn is no longer regarded as ‘random’. 
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(b) prob(E/H&Z) = prob(E/H) and prob(E/H&Z) = prob(E/H). In this situ- 
ation, the new evidence acquired upon observing the disc does not change the 
random status of the draw of the disc. However, prob(H/E) must differ from 
prik H/E) 

The numerical determinations for the various values of the prib-function 
for these two cases are as follows: 


Situation (a): prib(E/H) = 0-86 Situation (b): prib(E/H) = o5 


pri(E |) = 1-0 prib(E/H) = 1-0 
prib(H/E) = 0-66 prib(H/E) = o1ı 
prib(H/E) = 1-0 prib(H/E) = 1-0 

prib(H) = 0-694 prib(H) = o-1 


2 THE HARPER-KYBURG CASE 


In chapter 10 of his (1965) Logic of Decision, Jeffrey suggests that his surrogate 
for conditionalisation is designed to handle situations where Jones acquires 
new evidence in response to observation, as in the standard case, but where, 
in contrast to the standard case, the new evidence W is such that prob(E/W), 
prob(E/H&W), prob(H/E&W), etc., are not precisely defined. In such a situation, 
Jeffrey claims that conditionalisation requires supplementing (1965, p. 154). 

Jeffrey suggests that the indefiniteness in these probability values stems from 
a ‘vagueness’ in the description W. W might assert that the disc appears to be 
blue. As such, it implies that prob(E/W) should be close to 1 but indicates that 
it should not equal 1. Otherwise, it does not determine the precise value that 
prob(E/W) should have. Jeffrey says (p. 154) that ‘it fails to convey the precise 
quality of the experience’. 

These remarks are somewhat puzzling. Are we to assume that definite pro- 
bability judgments can be made only when the sentences expressing propositions 
provide complete descriptions—whatever these may be? Conversely, are we to 
suppose that probability judgments are, or ought to be, definite when descriptions 
are complete? 

Jeffrey seems bent on giving an affirmative answer to both of these questions. 
He suggests that the meaning of a sentence is determined (i) by its probabilistic 
relations with other sentences and (ii) by the manner in which probability 
assignments to it are controlled by sensory stimulation (pp. 168-70). Indetermin- 
acy with respect to either (i) or (ii) apparently corresponds to an indeterminacy 
in the meaning of the sentence. 

Observe, however, that one does not have to share Jeffrey’s probabilistic 
theory of meaning in order to worry about the Harper-Kyburg case. Even if 
one allows that the meaning of a sentence can be determinate when its pro- 
babilistic relations are ‘vague’, or the meaning indeterminate when its pro- 
babilistic relations are precise, a sentence W may still be admitted into evidence 
such that prob(E/W), prob(E/H&W), prob(H/E&W), etc., are not sharply 


1 Suppose that Jones knew at fy that if H is true, 1 blue chip and 1 green chip in the urn 
are square and that 4 blue chips and 4 green chips are round and that if not-H is true 
all the chips are round. If Jones admits as evidence at 2, a proposition Z asserting that the 


chip drawn is round, then prob(E/H) = prib(E/H) and prob(E/H) = prib(E/H). 
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defined. Whether or not W provides a complete description of the situation 
is of no relevance to the problem. 

Sometimes problems of vagueness can be handled without resorting to new 
principles. For example, if Jones assigns a definite value of 0-6 to prob(E) but 
is vague about prob(E), coherence principles can be used to justify his assigning 
a definite value 0-4 to prob(E). Clearly, coherence principles cannot always 
be used in this way. To appeal to coherence in rendering vague judgments 
determinate one must already have a sufficiently rich structure of determinate 
judgments. 

Similar remarks can be made about the use of conditionalisation to render 
vague judgments precise. Jones changes from prob(E) = 0-6 at ty to prib(E) = 0-9 
at t,. The total new evidence he obtains in the interim is W such that prob(E/W) 
is not sharply defined initially. Upon responding the way he does at t, 
Jones can then conclude that at tp, prob(E/W) should have equalled 0-9. Con- 
ditionalisation can, in this way, be used to reconstruct precise values for prior 
probability judgments. Of course, to do this, one must have a sufficiently rich 
body of precise prib-values to work with. 

In the case of Jones, however, prib(E/H), prib(H/E), and prib(H) have not 
thus far been given precise values. Consequently, conditionalisation cannot be 
used to yield precise values for prob(E/H&W), prob(H/E&W), and prob(H/W). 
What Jeffrey is looking for is a rule for making the prib-values precise. In doing 
so, he is indirectly providing a method for using conditionalisation to recon- 
struct precise values for the corresponding argument of the prob-function. 

In so far as Jeffrey’s proposal is read as applying to the Harper-Kyburg case, 
it seems to me to fall short of its goal. In effect, the instruction yielded by Jeffrey’s 


rule is to equate prib(H/E) with prob(H/E) and prib(H/E) with prob(H/E). 
But this means that prob(H/E) should equal prob(H/E&W) and prob(H/E) 
should equal prob(H/E&W). And, in cases like the Jones case, where Wand E 
are not probabilistically independent, this implies that prob(E/H&W) does not 
equal prob(EZ/H). Hence, prib(£/H) does not equal prib(E/H). 

In effect, Jeffrey's rule requires us to treat every Harper-Kyburg case like 
situation (a) in the standard case. The new evidence W must in every case be 
regarded as altering likelihoods. Yet, surely sometimes (b)-like cases ought to 
be recognised and, indeed, situations which are neither (a)-like nor (b)-like ought 
to be taken into account as well. 

To accommodate this reasonable demand, one would have to restrict the 
scope of Jeffrey’s rule to (a)-like situations and to add additional rules to cover 
(6)-like situations and the infinite variety of cases which are neither (a)-like 
nor (4)-like. In addition, one would have to introduce criteria for determining 
when Jones is in one of these situations.1 In my opinion, Jeffrey’s proposal is 


1 Jeffrey might appeal to his distinction between ‘initial’ probability shifts which are 
directly caused by sensory stimulation and shifts which are propogated. Assuming that 
the notion of ‘direct causation’ can be cleaned up for present purposes, Jeffrey’s rule 
still remains unsatisfactory as a rule for all situations. In the Harper~Kyburg case, 
Jones does admit W into evidence (The chip appears blue). It may be the case that 
whether the chip’s appearing blue is a reliable indicator of its being blue is contingent 
upon whether H or H is true. For example, if H is true, it may be the case that all blue 
chips in the urn are pale blue whereas if H is true they are a darker shade of blue. In 
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woefully inadequate as a means for handling Harper-Kyburg cases. In any 
event, I suspect that vagueness in probability judgment ought to be handled 
in a totally different way. But that is a long story which cannot be told here. 

In my paper on Jeffrey’s probability kinematics, I did not consider applications 
of his theory to Harper-Kyburg cases. Hence, none of the points just mentioned 
were discussed. The reason I ignored such cases stems from Jeffrey’s own 
explicit claim that his proposal contributes to the solution of an important 
epistemological problem. Because I thought, and continue to think, that he 
could not reasonably have made such a claim if he meant his scheme to apply 
only to the Harper-Kyburg case, I ignored it in my own discussion. 

Jeffrey seems to think that with the aid of his ‘probability kinematics’ he can 
defend the view that at no time is a rational agent obliged to admit any empirical 
proposition into evidence and, hence, accord it probability 1. Consequently, 
the epistemological problem of specifying conditions under which empirical 
propositions are legitimately admitted into evidence can be dropped (Jeffrey 
(1965), pp. 156-7, (1964) p. 86, (1968) pp. 321-2). But in situations like the 
Harper-Kyburg case, empirical propositions are admitted into evidence. They 
are assigned probability 1. 

Hence it appears that Jeffrey intended his theory to apply to other than Harper- 
Kyburg cases. These other situations are ones where Jones shifts his probability 
assignments to some propositions in response to sensory stimulation but does 
not acquire any new evidence in so doing. This means that he does not even 
know that he has made an observation of the disc, that the disc appears blue, 
etc. If Jeffrey's proposal could successfully be used to cover such situations, 
his claim to have bypassed the problem of the acceptance of empirical proposi- 
tions into evidence would have been strikingly supported. Since in my paper, I 
was concerned to undermine his argument, I ignored Harper-Kyburg situations 
and restricted my attention solely to situations where Jones obtains no new em- 
pirical evidence.! 


3 THE LEVI CASE 


Here Jones has observed the disc and responded by shifting from prob(E) = 0-6 
to prib(E) = 0-9. He does not know that he has observed the disc. He does 


poor light, Jones cannot tell whether they appear to be pale or dark blue. However, if 
the chips appears blue, then if H is true and the chip is either green or pale blue, the 
chances of the chip’s being blue given that it appears blue are so-50. If H is true, the 
appearance of being blue is a totally reliable indicator even in the poor light. Now it is 
perfectly possible for Jones to directly respond to observation by shifting the probability 
of E from o-6 to 0-9. But in the situation just described, he would have been better off 
had he kept prib(E/H) equal to prob(Z/H)—counter to Jeffrey. 

Finally, even if Jeffrey could modify his criterion of directness to handle cases like 
this, he would still have to worry about cases which are neither type (a) nor type (b). 

1 Because of my own interest in the epistemological problem which Jeffrey claims to have 
bypassed, I did not take Jeffrey’s remarks about incomplete descriptions seriously. 
I thought that he meant to discount statements like “The chip appears blue’ as evidence. 
(See my (1967) p. 203.) I was mistaken. It appears that he did intend to cover the Harper- 
Kyburg case. This does not materially alter the thrust of my paper; for Jeffrey could 
not have meant to consider only such cases. Otherwise, his claim to have bypassed the 
problem of evidence would have lacked any foundation. 
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not know that the disc appears blue to him or any other such proposition. 
In short, the ‘total’ evidence available to Jones at time f, is the same as that 
available to him at tẹ. He knows nothing more at one time than at the other. 

The general thesis which I attempted to support in my paper was that it is 
inappropriate to demand criteria for rational probability revision to cover 
situations such as this. As part of my argument, I introduced the example of 
Jones and the urn to suggest that, in so far as anything could be said about 
‘probability kinematics’ at all, one should sometimes follow a tactic inconsistent 
with Jeffrey’s prescriptions. Thus, if Jones knows no more at t, than he did at 
ta and at t it was appropriate for him to regard the draw from the urn as a random 
one, surely the same should hold true at t,. That is to say, prib(E/H) should 
equal prob(E/H) and prib(E/H) should equal prob(E/H). Given that prib(E) 
does not equal prob(E), it follows quite generally that prib(H/E) cannot equal 
prob(H/E)." But Jeffrey’s theory requires that they be equal. 

Harper and Kyburg (1968, pp. 249-50) comment on my discussion as follows: 


At time #, the background information has changed in a way that directly 
affects the probability assignment to E. Though there has been no new 
evidence accepted, nevertheless, at time 2, Jones has observed the disc 
sufficiently to be justified in assigning Prib(E) = 0-9. Therefore, given 
this background information and the assumption that H is accepted, it 
would not be reasonable to assume the probability of E = o-5. But this is 
exactly what one must assume when he holds Prib(E/H) = 0-5 and this 
precisely and plausibly contradicts Levi’s claim that the draw is a ‘random’ 
one. Indeed, we can specify why it is not a random member of the set of 
discs drawn from the urn with respect to being blue: it is because we know 
more about the disc than that it has drawn from the urn; we know that, 
glimpsed fleetingly, it appears blue. And the glimpse thereby allows us to 


go beyond the bare statistical information provided by H and F. 


It is somewhat difficult to understand how Harper and Kyburg could have 
addressed these remarks to my example when I explicitly stated in a passage 
which they themselves quote that Jones is not supposed to have acquired any 
new evidence at t,. I meant what I said. Thus, Jones is not supposed to have 
augmented his “background” information. He is not supposed to know more 
at t than he knew at tọ. (Please note that it is not what we know that matters 
but what Fones knows.) The objection of Harper and Kyburg is simply irrelevant 
to my example. They are discussing the Harper-Kyburg case where Jones does 
indeed ‘know more’. I am discussing the Levi case where he does not.? 


1 To set the record straight, the proof I had in mind for this assertion and the corre- 
sponding statement on p. 206 of my paper is a variant of the proof offered by Harper 
and Kyburg in the appendix to their note. I apologise for not having published it and 
am grateful to Harper and Kyburg for doing so. I definitely did not have the ‘something 
simpler’ in mind which they conjecture might have been my intent. Perhaps we should 
conclude that regarding matters of simplicity, like matters of taste, there is no disputing. 

3 Perhaps, Harper and Kyburg think that even in the Levi case Jones must ‘know more’ 
because he has had more sensory stimulation and has responded. But surely mere response 
to sensory stimulation cannot be counted as a change in background information or an 
increase in knowledge—especially when the agent does not even know that he has re- 
sponded to sensory stimulation as opposed to a change in blood pressure. 
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But even in the Harper-Kyburg case, we cannot conclude that because 
Jones knows more he should cease regarding the draw as random. As was 
pointed out earlier, sometimes this should be so but by no means always. 

Kyburg and I have agreed in the past that the problem of specifying conditions 
under which propositions can legitimately be ‘accepted’ into evidence is of 
considerable philosophical importance. Part of our case has been that even 
Bayesian decision makers admit empirical propositions into evidence. Even if 
Jeffrey were successful in applying his proposals to Harper-Kyburg cases, our 
argument would not be undermined. The Levi case is more serious. If Jeffrey 
can apply his theory to this case, he is well on his way to subverting a strong 
argument for concern over acceptance. I continue to believe, Harper and Kyburg 
to the contrary notwithstanding, that my example does present genuine diffi- 
culties for Jeffrey’s theory when applied to situations where Jones does not know 
more. 

1 For the record, there is nothing in any argument which I have offered against Jeffrey’s 
scheme to suggest an internal inconsistency in his proposal. One could, indeed, design 
a robot having probability states which change in response to appropriate inputs in a 
manner conforming to Jeffrey’s principles. The issue has always been whether such a 
robot simulates rational probability judgment. 

Finally, mention should be made of an example cited by Harper and Kyburg (1968, 
p. 248) where Jeffrey’s theory could be used when the probabilities are not subjective. A 
control group receives information indicating that the probability that some part of a space 
probe will malfunction has shifted from o-001 to 0-04. It is critical that the probability 
that the shot will be successful be recomputed. Harper and Kyburg argue that Jeffrey’s 
probability kinematics might be used to make the required computations. Indeed, it 
might; but woe unto the control group that used it in every case! A review of the discussion 
of the Harper-Kyburg case as applied to this situation should suggest that sometimes the 
application of Jeffrey’s rule might lead to disaster. The control group would be wise to 
consider whether they should keep posterior probabilities or likelihoods constant or 
whether they should revise both. If their information (i.e. evidence) enables them to make 
a decision, they have, in effect, used conditionalisation. If not, they will have to guess. 
There is no reason to suppose that guessing with Jeffrey is better than any other method. 


ISAAC LEVI 
Case Western Reserve University 
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ELIMINATIVE CONFIRMATION AND PARADOXES 


Permit me two last brief comments on William Baumer’s solution to the Con- 
firmation paradoxes.! I take it Baumer now wants to say that whenever F is 
confirmed as a sufficient condition of G, or G as a necessary condition of F, the 
hypothesis ‘(~). Fx > Gx’ is confirmed, and similarly for other hypotheses. 
(I still think he originally said otherwise, but there is no point in arguing that 
now.) And he now wants to say that we can confirm an hypothesis by eliminating 
one of its competitors, even if that competitor was not represented in the list 
of properties H, ..., M originally known to be related to F and G in the proper 
way. 

1. According to Baumer, what he calls the ‘third’ confirmation paradox (i.e., 
the paradoxical confirmation of hypotheses such as ‘(x). Fx > Gx’ by instances 
such aa ~ G~ Fd—what he calls ‘d’ instances) is generated by the easy piling 
up of d instances permitted by instantial confirmation theories (such as Hempel’s 
satisfaction criterion). The crux of his solution to this paradox seems to be his 
claim that his eltminative confirmation theory does not permit the easy piling 
up of large numbers of d instances, because it allows instances to confirm an 
hypothesis only if they eliminate (falsify) a competitor. 

A. I argued in my original discussion note that even on Baumer’s eliminative 
theory, it is likely that the number of possible d confirmations for a given 
hypothesis will be indefinitely large. I based this partly on the widely held view 
that the number of (possible) ways in which any set of instances both resemble 
and differ from each other is indefinitely large. I meant to imply then, and let 
me state now, that as a consequence of this, even on Baumer’s eliminative theory 
it will be possible to pile up large numbers of easy d confirmations, thus gener- 
ating the third confirmation paradox. > 

For instance, suppose we discover a single example of a previously unknown 
species of bird (let’s call it species ‘B’). We carefully examine our specimen, 
and discover that it has certain properties G, H,..., M, including, say, the 
properties of being green, male, having blood of type X, being six inches in 
height, over one pound in weight, etc. (Obviously, the number of properties 
of this kind which can be included in the set G, H, . .., M, is very large, perhaps 
even indefinitely large.) We then look for and find something which is ~G, 
~H,..., ~M, as well as ~B (in order to satisfy technical requirements of 
Baumer’s theory). And finally, we systematically look for, and easily find, first, 
an H which is ~B, »I,..., ~M; second, an I which is ~B, ~7,..., 
~M; third, a Y which is ~B, ~K,..., ~M; etc. 

This sounds complicated, but in practice is quite simple. For instance, it 
involves finding a brown table, which is a non-green, non-male, non-under- 
one-pound-in-weight, non-over-six-inches-tall, non-B-bird, having non-type- 
X-blood; then finding a red ash tray, which is a non-green, non-male, non-under- 


1 See his article (1964), Confirmation without paradoxes. Brit. Y. Phil. Sci. 15, 177-95, 
my reply (1967), Brit. J. Phil. Sci. 18, 52-6, and his reply (1968), Brit. J. Phil. Sci. 19, 
57-63. (Through an oversight on my part, two negation signs were omitted on the ninth 
line of p. 54 of my discussion note. Statement (V), which appears on that line should 
have read (V): ~G is a sufficient condition of ~F, This error to say the least blunted 
the point I was trying to make.) 
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one-pound-in-weight, non-type-X-blood, non-B-bird, which is not non-under- 

six-inches-tall; then finding a silver paper clip, which is a non-green, non- 

male, non-type-X-blood, non-B-bird, which is not non-under-one-pound-in 
weight; etc. 

I think that this example shows that Baumer’s eliminative confirmation 
theory does permit the easy piling up of d instances, and hence is in no better 
position to solve the third confirmation paradox than the standard instantial 
confirmation theories. At any rate, it seems paradoxical to me that an hypothesis 
about the colour of a newly discovered species of bird can be confirmed by sitting 
in the comfort of my living room and casting my eyes about at brown tables, 
red ash trays, and silver paper clips. 

(Notice that I am not saying that this easy piling up of d instances shows that 

Baumer’s eliminative theory cannot solve the third confirmation paradox, any 
more than it proves than an instantial theory cannot do so. For instance, many 
philosophers who accept an instantial theory have suggested that my feeling 
of paradoxicality is due primarily to my failing to realise how Kittle such d 
instances increase the degree of confirmation of the hypothesis in question (a 
suggestion which certainly has merit, even though it also has difficulties), and 
if correct, this suggestion applies equally well to Baumer’s eliminative theory. 
My point rather is simply that Baumer’s theory does not yield any solution to 
the third confirmation paradox not open to proponents of the standard instantial 
theories. In other words, I want to raise the question as to what is new and 
different about Baumer’s proposed solution that flows from the fact that it is 
an eliminative confirmation theory that he espouses.) 
B. But suppose I am wrong in that the number of possible d type confirmations 
for a given hypothesis is small. In my previous discussion, I argued that if so 
then the number of possible a type confirmations also will be small, so that the 
piling up of even relatively few easy d instances will generate roughly the same 
paradoxical results that are generated via the standard instantial theories by the 
piling up of many more d instances. Since Baumer seems to fail to appreciate 
the import of this argument, let me elaborate. 

On Baumer’s view, the degree to which an instance confirms depends on the 
size of the class of competitors of the hypothesis being confirmed, and in most 
cases it seems likely that the number of competitors of a given hypothesis 
eliminable by d instances usually will be roughly either the same as, or else 
greater than, the number eliminable by a instances. Hence, even if his theory 
reduces the number of d instances, I fail to see how it solves the third confirm- 
ation paradox, since it permits the confirmation of many hypotheses (such 
as the above one about B-birds) roughly as well via d instances as via a instances. 
If this is not indoor ornithology, then what is?! 

1] do not mean to imply that it is always paradoxical to confirm an hypothesis more 
heavily via d instances than a instances, For example, one would be a fool to bother with 
a type confirmations of the hypothesis ‘All socialists are non-U.S. presidents’. (I owe 
this nice example to students at the University of Kansas.) The point is that Baumer’s 
theory seems to permit heavy confirmation via d instances in cases where intuition takes 
it to be paradoxical, as in the B-bird example. 

Incidentally, on Baumer’s theory, even if we were to check up on every U.S. president 

so far elected, we still would not confirm the hypothesis ‘All socialists are non-U.S. 


presidents’ unless we also examined some socialist for non-presidenthood. This alone 
constitutes a nice objection to Baumer’s theory. 


L 


162 H. Kahane 


2. Baumer brushes aside my objection to the fact that his theory forbids con- 
firmations via b instances by remarking that either I must give up on my in- 
tuition that such instances are confirming or else give up on eliminative con- 
firmation, since the two are inconsistent. It seems to me that if this is true, 
then it constitutes one very good reason for rejecting eliminative confirmation 
theories. At any rate, my intuition that at least some b instances, such as ~ RBb, 
are confirming for the hypothesis ‘Everything is either not a raven or else 
black’ is stronger than any intuition I may have in favour of an eliminative 
theory of confirmation. 

In sum, I still fail to see how adoption of Baumer’s eliminative confirmation 
theory is of any help whatever in solving the confirmation paradoxes. 


HOWARD KAHANE 
University of Kansas 
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Reviews 


SINNIGE, Theo Gerard. (1968) Matter and infinity in the Presocratic schools 
and Plato. Assen, Netherlands: Van Gorcum & Co. HFI. 24.50. Pp. 252. 


Sinnige’s thesis, in its simplest form, is that two conceptions lie hid in the notion 
of infinity in the later sixth and earlier fifth centuries: there is a positive con- 
ception of inexhaustible power, and a negative conception of indeterminateness, 
The negative conception comes to predominate in Eleatic and in later fifth- 
century thought, and is the more or less exclusive connotation in Plato and 
Aristotle. The positive conception of infinity is resurrected in later Platonism, 
and in Plotinus; but Sinnige’s study does not carry us this far. 

A thesis of this kind, if it could be argued convincingly from a careful study 
of the surviving fragments and secondary testimonia, would be a valuable con- 
tribution to the reconstruction and interpretation of Presocratic philosophy and 
its influence on Plato. 

I am sorry to say that Sinnige’s style of argument does not seem to me adequate 
to this task. I could try to describe this inadequacy in general terms. It will be 
better, I think, to give a single detailed example from one of the opening pages 
of Sinnige’s book. Ab hoc uno disce omnes. 

Time is one of the earliest instantiations of infinity. On the first two pages 
of his book Sinnige offers two pieces of evidence for the archaic conception of 
time as divine: 

1. A description of time as ‘wisest of all’, attributed to Thales by Diogenes 
Laertius (i 35 = Diels-Kranz, Fragmente der Vorsokratiker 11A1). 

2. The equation of Kronos and Chronos ‘in the context of a myth which is 
said to be of eastern origin’ (p. 2). 


Sinnige does not give an exact reference for this second piece of evidence; 
but I assume him to be referring primarily to the account given of Pherecydes 
in passages from Servius and Hermias quoted by Diels-Kranz 7Ag. 

Sinnige is not content with the fairly open implication in both pieces of evidence 
that “Time was considered a deity’. He offers therefore ‘a more decisive proof’: 


1. A passage from Aristotle’s Physics, 218a33-bı. 

2. A pair of passages, from Athenagoras’ Apologia pro Christiants (18 pp. 20. 
16-21.9 Schwartz = Diels-Kranz ıBı3), and from Damascius’ Dubitationes 
et solutiones de primis principüs, in Platonis Parmenidem (123 bis = Diels- 
Kranz ibid.). 


Athenagoras and Damascius wrote respectively in the second century A.D. 
and in the later fifth or early sixth centuries A.D. 

The passage from Aristotle runs: ‘Some say that time is the movement of the 
universe, others identify time with the sphere (sc. of the universe) itself.’ The 
first idea may be found in Plato’s Timaeus (37C-39E). The second idea is attri- 
buted to Pythagoras by Aetius (‘Pythagoras says that time is the sphere of the 
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surrounding’, i 21.1 = Diels-Kranz 58B33). Simplicius too records the attri- 
bution of the second idea to the Pythagoreans (Phys. 700. 19-21). 

How does Sinnige handle this passage? 

He starts off with a non-existent page reference to Bekker’s edition of Aris- 
totle: 218a34-5 instead of 218233-bı. He begins his interpretation of the 
passage by writing, p. 3: 


The first part of this [sc. Aristotle’s] remark refers principally to the doc- 
trines developed by Plato in his Timaeus (37A-39E), the second part 
probably to a theory of the Pythagoreans. 


The two adverbs are pleasingly scrupulous. 

1. Speusippus said that time was ‘quantity in movement’ (fr. 53 Lang). 
Xenocrates said that time was ‘the measure of things that come into being and 
eternal movement’ (fr. 40 Heinze). These definitions are possibly sufficiently 
close to what Plato says for them to be included with Plato in Aristotle’s first 
definition of time. In fact it seems to me more probable that here as elsewhere 
Aristotle has used the plural pronoun without having more than one specific 
thinker in mind. 

It is probably because of the two plural pronouns that Sir Thomas Heath 
supposes the first as well as the second definition to belong to different groups 
of Pythagoreans, Aristarchus of Samos, the ancient Copernicus (Oxford, 1913) 
49. But Simplicius tells us that the first definition was referred to Plato by 
Eudemus, Theophrastus and Alexander (Phys. 700. 18-19). It would be im- 
possible to find three more learned or more reliable authorities. 

2. The attribution of the second definition to the Pythagoreans has been 
questioned (for reasons which in fact seem to me inadequate) by H. Cherniss, 
Aristotle's criticism of Presocratic philosophy (Baltimore, 1935) 214-17, and by 
W. Burkert, Weisheit und Wissenschaft, Studien zur Pythagoras, Philolaos und 
Platon (Nürnberg, 1962) 67-8. 

Sinnige does not give any of these references, ancient or modern, but the 
indulgent critic will suppose that he has them in mind. 

Sinnige continues: 


At any rate, Aristotle knew of a theory in which Time and the heavenly 
sphere were explained as one and the same divinity. 


Already the darkness closes in. The divinity of time was precisely the point 
which Sinnige set out to prove. Now Sinnige directly attributes this conclusion 
to Aristotle. But the divinity of time is not asserted by Aristotle in this passage 
of the Physies. 

Sinnige continues: 


Even the reasons given for this are mentioned by Aristotle (218b5-7): 
it is ‘because all things are at once in Time and in the cosmic sphere’. 


The argument recorded by Aristotle is of particular interest, since it shows 
the archaic form of reasoning from space to time, or vice versa, which is found 
also in Melissus (fr. 3). It is this style of argument which in the present passage 
leads Aristotle to call the Pythagorean way of thinking ‘rather naive’ (218b8), 
and which elsewhere may in part account for Aristotle’s calling Melissus ‘crude’ 
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and ‘a bit too much of a peasant’ (Phys. 185a10, Met. 986b26-7). But the argu- 
ment which Aristotle records, for all its intrinsic interest, does no more than 
explain the identification of time and the heavenly sphere. It does nothing to 
show that either time or the heavenly aphere is divine. 

After a few words on Simplicius, Sinnige continues: 


As in ancient traditions Time is considered a divine, all-embracing power, 
the mention that Time was the sphere itself, is much easier to understand 
when we suppose that both Time and the cosmic sphere stand for the 
same ancient cosmic divinity. 


The eclipse of reason is now total. In this single sentence I find it impossible 
to disentangle what is meant to be evidence, and what is meant to be argument, 
and what is meant to be conclusion. The conclusion Sinnige had promised was 
that time would be shown to be divine. This conclusion now appears as a 
premise, in the first clause of the sentence I have quoted. The evidence Sinnige 
had offered was to be, first, the passage from Aristotle. But now he seems to 
acknowledge that the passage in Aristotle has the requisite connotation, only 
if it is read in the light of the ‘ancient traditions’. These ancient traditions are 
presumably the passages from Athenagoras and Damascius, which Sinnige 
will consider in his next paragraph. But the reader had been led to suppose that 
the passages from Athenagoras and Damascius were to be offered as evidence 
separate from, and independent of, the passage in Aristotle. An independent 
testimony in Aristotle would be eminently desirable, as an indication of the 
relative antiquity of ideas found in two much later writers. 

Possibly Sinnige’s argument is now intended to be that the notion of time 
as divine is required to make good sense of the passage in Aristotle, and so can 
in that sense be inferred from Aristotle’s remark. But that argument has only 
to be made explicit for its weakness to be apparent. The reasoning from space 
to time, provided by Aristotle a few lines later, is entirely adequate for an 
initial understanding of the passage. 

Sinnige continues: 


It was Eisler and, following him, Brendel, who worked out this explanation. 
The first intuition of it had been formulated by Zeller (Philos. d. Griechen 
I 1,6 Aufl., 1919, S. 546,1): ‘Ich möchte vermuten, ursprünglich sei ypovos 
ein symbolischer Name für den Himmel’. 


So far as I can discover, the first two references are to Robert Eisler, Welten- 
mantel und Himmelszelt, religionsgeschichtliche Untersuchungen zur Urgeschichte 
des antiken Welthildes (München, 1910) 469 n. 3, cf. 471 n. 2, and to Otto Brendel, 
‘Symbolik der Kugel, archaeologischer Beitrag zur Geschichte der älteren 
griechischen Philosophie’, Mitteilungen des deutschen archaeologischen Instituts, 
römische Abteilung Band 51 (1936) 36-9. 

None of the three writers quoted presents the evidence from Aristotle in 
Sinnige’s form. 

1. Zeller’s words have been considerably simplified in Sinnige’s allegedly 
verbatim quotation of them. Zeller wrote of the explanation given by Aristotle 
for the identification of time and the heavenly sphere: ‘ich möchte daher ver- 
muten, er sei erst nachträglich beigefügt—ursprünglich dagegen sei Xpdvos bei 
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den Pyth[agoreer], wie bei Pherecydes, ein symbolischer Name fiir den Himmel, 
s. vor. Anm.’ 

In his preceding note, Zeller refers to the idea that the tears of Kronos form 
the sea. His argument is evidently intended to be that this idea shows the 
equation of Kronos and the upper heavens, and that this in turn, through the 
equation of Kronos and Chronos, reveals the original reason for the identification 
of time and the heavenly sphere. Thus Zeller apparently argues that: 


Kronos equals the upper heavens or the heavenly sphere; 
Chronos equals Kronos; 
therefore Chronos equals the upper heavens or the heavenly sphere. 


If then I interpret Zeller correctly, he has argued from the equation of Kronos 
and Chronos żo the reason for the identification of time and the heavenly sphere, 
as recorded by Aristotle. Sinnige has done precisely the reverse. He has set 
out to argue from the passage in Aristotle to the connotation of divinity implied 
in the equation of Kronos and Chronos. 

2. Eisler does offer a great deal of evidence where time is treated as divine, 
but in the footnote in question he is concerned to substantiate not the divinity 
but the corporeality of time, and to this end he quotes inter alia the passage from 
Aristotle and the parallel passage from Aetius. 

3. Brendel repeats Zeller’s explanation of the passage in Aristotle. As evid- 
ence in its favour, he offers the saying attributed to Thales by Diogenes, that 
time is ‘wisest of all’. Thus Brendel uses Diogenes to explain the passage in 
Aristotle. Again, Sinnige has done precisely the reverse. He has claimed to 
offer the lines in Aristotle as proof of the divinity of time in the passage from 
Diogenes. 

Sinnige’s behaviour provides in fact a classic example of what I would call 
the fallacy of compaction. Passages AA (Diogenes and Pherecydes) add over- 
tones to passage B (Aristotle), overtones which then appear to be intrinsic to 
passage B, so much so that passage B comes to be quoted as evidence for the 
presence of those same overtones in passages AA. Passages AA have been 
compacted with passage B in the writer’s mind, in such a way that he is unable 
to distinguish the separate content of the passages in the course of his argu- 
mentation. 


Sinnige concludes his paragraph: 


It [sc. the explanation that Sinnige has offered of the passage in Aristotle] 
is confirmed by a passage in Aëtius . . . ‘Pythagoras says that Time is the 
encircling sphere of the universe’. 

I would not wish to suggest that the passage from Aetius was deliberately 
withheld from the opening sentence of the paragraph, so that it could be intro- 
duced here as ‘confirmation’ of Sinnige’s view. But if Sinnige is not dishonest, 
he is incompetent. For the passage in Aetius does not confirm what we have been 
told. It is one half of our evidence for establishing one part of what we have been 
told: that the identification of time and the heavenly sphere is Pythagorean. 
And the passage does no more than that. In itself, the passage from Aetius does 
nothing to establish, or confirm, that on the Pythagorean theory time is divine. 

Again we have a classic example of the fallacy of compaction. From passages 
AA (Aetius and Simplicius) we know the attribution of a view in passage B 
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(Aristotle). This attribution then becomes so firmly fixed in the reader’s mind, 
that passages AA—or one of them—can come to be cited not as evidence for, 
but as confirmation of, the attribution which in some way is now supposed to 
inhere intrinsically in passage B. 

In this instance the fallacy is doubly compacted. For the passage in Aetius 
not only ‘confirms’ the attribution to the Pythagoreans which it had originally 
supplied to the passage in Aristotle. It is also supposed to confirm the divinity 
of time in the passage from Aristotle, and thereby in the passages from Diogenes 
and Pherecydes. But time in the entry in Aetius carries the connotation of 
divinity only because in the writer’s mind it has received this connotation, 
probably via Aristotle, from such passages as those in Diogenes and Pherecydes. 

I have deliberately chosen to analyse Sinnige’s argument at a point where I 
do not in fact disagree with his main conclusion: I do think that time was treated 
as in some sense divine by some early thinkers. In the pages that follow, Sinnige’s 
conclusions seem to me often as questionable as his argumentation. But my 
purpose in this review is not to measure out cautious agreement or disagreement 
with some or several of Sinnige’s conclusions. Other reviewers, I have no doubt, 
will do that. Nor is my purpose merely to draw attention to a certain shoddiness 
in the style and the accuracy of Sinnige’s references and quotations. That is 
annoying, and it may be symptomatic, but it need not in itself be crucial. The 
point I do wish to make, from this analysis of a single sample paragraph, is 
that Sinnige’s style of argument is radically defective. For in a history of Preso- 
cratic philosophy it is not the conclusions which are primarily important. 
It is the evidence and argument by which those conclusions are achieved. Only 
by sound arguments, clearly thought out, and clearly expressed, can we escape 
from the Eleatic approach to early Greek philosophy: ‘it is so, because I think 
and say it is so.’ 

D.O’BRIEN 
Gonville and Caius College Cambridge 


Buneg, M., Ed. (1967) Quantum Theory and Reality: Studies in the Foundations 
Methodology, and Philosophy of Science. Vol. 2. Berlin—-Heidelberg—New 
York: Springer-Verlag. $7.40. Pp. vi--117. 


The discovery of the quantum of action A in the year 1900, and the development 
of quantum mechanics about twenty-five years later have in a profound manner 
changed the structure of physical theory. For it was found that Newtonian (classical) 
mechanics becomes invalid in the realm of atomic physics. Classical mechanics, it 
is true, retains its uses as the limiting case of quantum mechanics in whichAcan be 
considered as negligibly small. The true nature of this limit, however, is not at 
all trivial and gives rise to questions which never have been properly discussed. 
Thus, e.g. in quantum mechanics, a particle enclosed in a box has a discrete set 
of energy levels, The difference of neighbouring levels tends towards zero as h 
is assumed to diminish or as the mass of the particle is assumed to increase. 
This demonstrates the approach from quantum to classical mechanics. Yet, 
however heavy the particle, or however small k is assumed to be, the totality of 


168 Reviews 


energy levels in quantum mechanics forms an enumerable infinite set quite in 
contrast to the case of classical mechanics when they form a non enumerable 
infinite set. The transition quantum—classical is, therefore, as discontinuous 
as is the transition from all rational numbers to all real including irrational 
numbers. One might have expected a symposium on Quantum Theory and 
Reality to deal with this type of problem. Unfortunately such interesting 
questions are not even mentioned. 

The articles may be divided into three groups. One, the most harmless one, 
essentially represents contributions to theoretical physics presumably of interest 
to physicists only. The second group demonstrates in a careful—partly axiomatic 
—way how the concept of the ‘observer’ can be eliminated from the formulation 
of the principles of quantum mechanics. Such a possibility clearly is desirable 
when one considers that frequently measurements are not only registered but 
also evaluated by automatic instruments. Earlier presentations of the principles 
of quantum mechanics have at times laid undue emphasis on a ‘living’ observer. 

The third group of articles, in particular the contribution by Sir Karl Popper, 
attempts a reformulation of quantum mechanics. This author unfortunately 
appears to lack the knowledge of quantum mechanics required for such an 
undertaking. In some of his statements, in particular when referring to properties 
of many particles, he implies that certain possibilities have not been of interest 
to physicists when in fact they refer to well known and much used applications. 
Thus, for instance, his discussions on the scattering of a beam of electrons on a 
slit constitute a particular case of the theory of electron diffraction. His statement 
that there exists hardly a limit to the precision to which the spatial intensity 
distribution of a scattered beam can be measured is not only well known but it is 
also widely used. From this distribution in fact does one elucidate considerable 
details about the structure of the scatterer and many applications of electron 
diffraction are based on it. The regrettable misunderstanding arises from 
Popper’s hypothesis that quantum mechanics is a statistical theory only, and 
hence also from a misplaced application of Heisenberg’s uncertainty relations. 
Beams of electrons, when one is not interested in the fate of a single electron, 
do in fact also satisfy certain quantum mechanical uncertainty relations. They 
do, however, not refer to position and velocity of a single particle but to quite 
different quantities. 

It is remarkable that a hidden nostalgia for the ‘classical point particle’ may 
be detected in Popper’s as well as in some other articles. Since its introduction 
by Boscovitch in the eighteenth century, this concept might have been expected 
to form a target for serious criticism by philosophers of science. One can imagine 
that—in a qualitative way—such criticism might have anticipated some more 
recent developments in physics which necessitate a complete reassessment of 
the concept of an ‘elementary particle’. For it has been demonstrated that under 
appropriate conditions all the so-called elementary particles which compose the 
matter that surrounds us can be created as well as annihilated. In the face of these 
developments the question of reality in quantum theory clearly takes aspects 
of a most fascinating nature, a nature, however, which the authors of the 
present volume seem not to have been prepared to face. 


H. FROHLICH 
University of Liverpool 
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Bonni, H. (1967) Assumption and Myth in Physical Theory. Cambridge University 
Press. 17s. 6d. Pp. v+88. 


. Those who have had the good fortune to hear Professor Bondi in person will 
know the combination of simplicity and profundity that characterises his 
style. For those who have not been able to hear him this book provides an 
excellent substitute. It is a publication of the Tarner Lectures which were 
delivered in Cambridge in November 1965. 

Bondi claims that his aim has always been to ‘get Special Relativity into the 
primary school syllabus’ and in this book he certainly goes a long way towards 
making this possible by explaining the essentials of the subject within the 
compass of twenty-five pages! The account in chapter 2 was designed to dis- 
perse some of the ‘mystification’ that has gathered around Einstein’s revolution- 
ary theory and to prove that it is as natural to swallow the ideas of Special 
Relativity as it is to swallow those of Newtonian Mechanics. According to 
Bondi, the only difference between these two theories is that we come across the 
latter at an earlier and more receptive age. Using the ‘k-calculus’ he arrives 
quickly at the standard results, having started with only a handful of highly 
plausible assumptions. Special Relativity is made to appear both simple and 
natural. 

In chapter 3 Bondi performs a similar job of simplification on the General 
Theory of Relativity and, though I suspect that a great deal of not merely 
computational but conceptual intricacy is glossed over in his throwaway remark 
that the theory ‘... happens to be mathematically rather complicated ...’, 
this chapter provides sufficient insight into the physical foundations of the 
theory for an understanding of the philosophical dilemmas of the final chapter. 

It is in the final chapter that Bondi deals with Mach’s Principle and the 
problem-situation of Cosmology in general. It appears that half the battle in this 
esoteric field is to find the right questions to ask; a problem that cannot be 
resolved by straightforward analogy with the rest of physics, since the repeat- 
ability and invariance to which we are accustomed in other branches of physics 
break down in the case of a unique object of study such as the universe. 

Consideration of these topics brings Bondi to the question of the universality 
of scientific theories and back to the discussion in the first chapter where he 
states his own view of scientific methodology. As many will know, Bondi’s 
badge bears the name of Popper, but the intuition I have sometimes felt that the 
Popperian philosophy does not quite describe what scientists actually do and 
feel is corroborated by the fact that Bondi finds it necessary to add certain 
‘footnotes’ to Popper. One of these removes some of the force from Popper’s 
key concept of refutation, but a later ‘footnote’ seems to hit even more directly 
at the foundations of Bondi’s espoused philosophy. Notwithstanding his alleg- 
iance to the criterion of falsifiability, Bondi declares his strong aesthetic pre- 
ference for ‘open’ theories. These are theories with a built-in potential to accom- 
modate change and are to be preferred over the all-embracing, ultimate theories 
of people such as Milne, Eddington and Heisenberg by virtue of both their 
proven fruitfulness and their lack of pretension. However, the apparent 
correlation between ‘open-ness’ and lack of falsifiability makes this a strange 
choice for a professed Popperian. 
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And yet the motivation behind Bondi’s championing of such open theories, 
being really a reaction against the idea of an ultimate theory, is completely 
within the Popperian spirit. Unlike Planck, who once said that he regarded the 
‘search for the absolute as the loftiest goal of all scientific activity’, Bondi is 
continually at pains to emphasise the essential circumscription and relativity of 
our knowledge. 

Commendable as this attitude may be, however, Bondi’s conclusion that we 
should therefore reserve our sympathies for open theories only seems to miss the 
point of Popper’s programme. It is true that Popper believes that we can never 
be absolutely certain of the validity of a theory and that we should always be 
prepared for the arrival of new facts which might refute it, but, despite this, 
or rather precisely because of it, he feels that those who are responsible for 
constructing theories should go out on the longest limb possible. Indeed, 
Bondi actually presents this view at the beginning of his book, but his dislike 
of the very kind of universal theories which seem to me to provide the only 
possibility of stopping the Cosmological merry-go-round prevents him from 
practising what Popper preaches. An Eddingtonian type of theory which pre- 
sumes to predict any and every phenomenon is surely eminently falsifiable and 
ought to be regarded by a good Popperian as the epitome of scientific hypothesis. 


R. CRANFIELD 
Chelsea College of Science and Technology 


Ayers, M. R. (1968) The Refutation of Determinism. London: Methuen. 373. 6d. 
Pp. vii-+179. 


Dr Ayers is concerned to refute philosophical, rather than scientific, determinism, 
and Hobbes, Hume, Moore and Nowell-Smith are his main targets. He argues 
that they have entirely misconceived the concepts of possibility, potentiality and 
power, and, moreover, have wrongly assimilated the powers of people to the 
powers of things. Moore’s analysis of ‘could’ is given a neo-Austinian treatment, 
and he makes the important point against Nowell-Smith: ‘... the utilitarian 
theory of responsibility represents a... failure to take seriously a man’s re- 
lation to his own abilities and his special position when it comes to testing them. 
If we think always of testing the powers of another person, it is tempting to 
take it that the test of an ability essentially involves a process of getting him to 
do the action in question’ (p. 142). A careful distinction between capacities and 
dispositions makes it evident how crude and unhelpful the stimulus-response 
model of human behaviour is; and having shown that a man’s character is logically 
unlike his capacities, Ayers has little difficulty in establishing that the ‘common 
conception of character as something necessitating action is incoherent’ (p. 155). 
His final conclusion (p. 169) is worth quoting in full: 


The pretensions of the determinist to settle these questions for us with 
a single, sweeping conclusion are not tolerable: it is as grotesque for a law 
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reformer to attempt a definition of legal responsibility, or to advocate 
doing away with the concept altogether, armed with the arguments of 
metaphysical determinism, as it would be for the designer of a rocket to 
pay attention to Zeno’s arguments for the impossibility of motion. 


It is a fair comment. But it is only a limited achievement. The arguments of 
metaphysical determinism, I believe, convince only the converted. What has 
led men in the last three centuries to espouse determinism is not the set of argu- 
ment Ayers refutes, but the belief that the world-view revealed by the natural 
sciences requires it. Hobbes the mechanist produces a new analysis of liberty: this 
is not in order to argue for determinism, but, rather, to preclude the fact of our 
felt freedom of choice being used to rebut the arguments against. Hume is 
already convinced that the Newtonian method could be applied with as much 
rigour to the explanation of human nature as to physical phenomena. If it 
were not for the success of science, I doubt whether many people would adopt the 
necessitarianism or actualism Ayers argues against. 

Although he does not deal with the sort of determinism most likely to concern 
readers of this Journal, Ayers makes many points of interest to philosophers 
of science, particularly in his discussion of probability. He has some acute 
criticism of Keynes, and of potentiality, dispositions and powers. Powers are 
not ‘properties in any way occult or hidden, even if, truistically, they are not 
sensible properties’ (p. 68); the currently popular analysis in terms of sub- 
junctive conditionals is too crude: we need to distinguish between extrinsic con- 
ditions—ctrcumstances—and intrinsic properties which constitute the natures of 
things. It is a difficult distinction either to draw or to defend, and scientists 
may be pardoned for not having made use of it: nevertheless it is clearly of 
importance in the analysis of everyday concepts, and can help clarify some the 
scientist wants to use. 

The book is well-written, the temper humane. There is a welcome concentra- 
tion on the normal and a healthy unconcern for Freud. Although there are cases 
of psychological incapacity, and multifarious ways in which ascriptions of 
responsibility may be defeated, Ayers reminds us that normally we are rational 
agents who can undertake some actions, and who deliberate and decide what to do. 
He wants us to see with undistorted vision what we already know, and, to that 
end, uses a variety of different arguments, which cannot all be systematised. 
‘Philosophy is only for those who are prepared to use their judgment outside any 
rule’ (p. vii). It is a view of philosophy which will not commend itself to many 
philosophers of science. Dr Ayers does not do enough to show them that 
they are wrong; but it is the right view, and is here shown to considerable 
advantage. 


J.R. LUCAS 
Merton College Oxford 
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NEEDHAM, J. (1968) Order and Life. Cambridge, Mass.: M.I.T. Press. 18s. 
Pp.xvii+ 175. (Reprint with Author’s Foreword) 


Professor Needham’s book Order and Life was delivered as the Terry Lectures 
at Yale in 1935 and first published in 1936. It deals with scientific and philoso- 
phical problems in the study of morphogenesis, the differentiation and develop- 
ment of structure in organisms. It is a masterpiece, and remains, perhaps 
surprisingly in view of the great recent advances in this field, highly relevant 
to the future development of biology. It is superbly written; despite the dis- 
cursive and anecdotal style appropriate to a series of lectures it is an object 
lesson in the clear presentation to the layman of technical scientific arguments. 
The accuracy of the prophecies about the role of biochemistry in the elucidation 
of morphogenesis is remarkable. But as the author remarks in the foreword to the 
new edition, relatively little advance has been made in the direction that he 
strongly urged, the application of mathematics, and in particular topology, in 
the construction of a theory of morphogenesis. He argues that such a theory is a 
prerequisite for the successful building of bridges between embryology and 
biochemistry. 

The justification given for this prophecy is the philosophical burden of the 
book. On the one hand he argues convincingly against the vitalism of Dreitsch 
and Haldane and against the more sophisticated arguments advanced by 
Bohr to show that biology is in principle irreducible to physics. On the 
other hand he argues with equal force against ‘...the desire to replace the 
methods of experimental morphology by those of physiology in the hope of 
obtaining thereby a short cut into the arcana of biological organisation’. His 
position illustrates admirably the operation of the dialectic to which the author 
pays passing homage (pp. 44-8), and is echoed by Nagel as follows: ‘An integrated 
system of explanation by some inclusive theory of a primary science may be an 
eventually realisable intellectual ideal, but it does not follow that this ideal is 
best achieved by reducing one science to another within an admittedly compre- 
hensive and powerful theory if the secondary science at that stage of its develop- 
ment is not prepared to operate effectively within this theory.’! 

A survey of some contemporary reviews shows that whilst many biologists 
received his authoritative demolition of vitalism with approval, few seem to have 
taken the force of his argument that an explanation of the development of 
structural complexity in organisms in physico-chemical terms would remain 
inaccessible until some systematic body of laws describing such development 
could be formulated. The tentative suggestions for possible bases for such a 
theory which the author makes (field theory, group theory, and topology) are 
vague and are seriously mystified by the adoption without definition of termin- 
ology from Woodger.? Yet it is here that much of the fascination of the book 
lies, for it is here that a field of scientific enquiry can be seen to be on the verge 
of the systematisation which may one day render it amenable to reduction, 
or partial reduction, to some more inclusive science. 


N. JARDINE 
King’s College Cambridge 


1 Nagel, E. (1961) The Structure of Science. London: Routledge & Kegan Paul. p. 363. 
2 Woodger, J. H. (1929) Biological Principles. London: Kegan Paul, Trench & Trubner. 
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GALTUNG, Johan (1967) Theory and Methods of Social Research. London: 
George Allen and Unwin. 705. Pp. 534. 


This book is an essential work of reference for teachers of methodology and 
for graduate students, but there are numerous passages which could be read by 
undergraduates with profit. It is written in a splendidiy lucid style with a degree 
of thrust and intensity unusual in works on methodology. Another reviewer 
has remarked on what he calls the unevenness of the book, arguing that some 
chapters contain very advanced material, while others are relatively elementary. 
I can understand what he meant, but it is important that there is as yet no 
final and settled academic consensus about what constitutes the elementary 
and what the advanced in the methodology of social research. Indeed I do not 
doubt that in creating such a consensus Professor Galtung’s book will play an 
important part. 

There are three kinds of discussion in the book: the more purely philosophical, 
such as the discussion of the distinction between ideographic and nomothetic 
sciences; the more purely methodological, such as the discussions of sampling 
procedures or of data processing; and the discussions which unite methodology 
and theory, such as those on the merits or otherwise of survey analysis and on the 
utility or otherwise of tests of statistical significance. The purely philosophical 
parts are not very interesting, at least for the philosopher. Galtung is likely to 
affront some philosophers by his remark that ‘the plain fact that quite a lot of 
contemporary sociology simply works is lost in efforts to apply philosophical 
categories developed by people who often are unacquainted with contemporary 
sociology’, but his own practice is for the most part the prudent one of not 
raising philosophical questions unless it is absolutely necessary for methodo- 
logical purposes. 

The purely methodological parts of the book are uneven. The chapter on 
descriptive statistics is a splendid example of a genuine and yet not unsophisti- 
cated introduction to part of the subject—until the subject of parameters is 
reached where Galtung says that he intends to ‘only give it a very cursory 
treatment’ and the treatment is sometimes in fact so compressed that the student 
will not understand or misunderstand. But Galtung is usually tolerably realistic 
in not proposing techniques which are so refined that they could not at present be 
relevant in actual sociological work. He has been chided by Professor O. D. 
Duncan for his suspicions about measurement using interval scales; it is notable 
that what Duncan cited against him was another methodological work rather than 
a piece of empirical research. 

The most brilliant parts of the book are those where methodology and theory 
are brought together. Galtung argues cogently that whether surveys are likely 
to be instructive or not is not only a matter of the rigour of the methodology 
with which the survey was constructed and carried through, but also a matter 
of the type of society in which the survey was conducted. In the discussion of 
tests of statistical significance he brings out the crucial point about the importance 
of the selection of the universe from which the population for study is drawn 
and in terms of which it is characterised, and of the pragmatic considerations 
involved in such selection. 

Galtung is careful when he writes about statistics, but sometimes careless 
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when he writes philosophically. Philosophers would be wise to use his book in 
order to learn from it rather than fall into the temptation of making a target 
out of certain largely irrelevant passages, such as his remarks about causality. 
His is a book from which there is a great deal to be learnt. 


ALASDAIR MACINTYRE 
University of Essex 


BRODBECK, May, Ed. (1968) Readings in the Philosophy of the Social Sciences. 
London: Collier-Macmillan Ltd. gs5s. Pp. ix+789. 


One inadequate way of reviewing this book would be simply to enquire what 
important papers had been made accessible by it, what papers it seemed a mis- 
take to include and what papers ought to have been included, which have in fact 
been omitted. Under these headings I would especially welcome the reprinting 
of J. A. Fodor’s Functional Explanation in Psychology, Herbert A. Simon’s 
The Effect of Predictions, and Kenneth J. Arrow’s Mathematical Models in the 
Social Sciences; question the wisdom of reprinting yet again some papers that 
have been reprinted at least twice already; and mention a number of important 
omissions. But without having specified the principles which seem to me to make 
a paper important this would be an unsatisfactory exercise; and what is in 
fact crucial is rather to discover what Professor Brodbeck’s criteria of importance 
are. The moment we ask this this anthology comes alive as an exercise in sus- 
tained polemic with some of the virtues and of the accompanying vices of 
polemic. 

The publishers call it a comprehensive sourcebook and in nearly eight hundred 
pages it might perhaps have been that. But it is not, and it is the partisan princip- 
les of selection which preclude it from being so. Students who are taught to use 
it and to recognise what it is will learn a great deal; students who treat it as a 
fair statement of the present state of the philosophical controversies about social 
science will be misled. Begin from the omissions: no Alfred Schutz, nothing by 
anyone influenced by Schutz, no Merleau Ponty, no Habermas, no Dahren- 
dorf, no Peter Winch, no Charles Taylor, no Stuart Hampshire. Any French 
or German writer unwise enough neither to have emigrated to the United 
States nor to have died might as well have never existed, so far as this anthology 
is concerned. Philosophy seems to be limited not merely to a certain kind of 
analytical philosophy but to such analytical philosophy as moves within a 
particular narrow doctrinal area. This is not just a matter of the editor’s principles 
of selection. It is also a matter of the style of her own expository and introductory 
passages, in which dogmatic pronouncements in favour of her own views are 
accompanied by curt dismissals of alternatives. ‘Prediction has the same logical 
form as explanation. In predicting something as yet unknown, we deductively 
infer it from particular facts and laws that are already known.’ This is a fair 
sample of ex cathedra Brodbeck. But when I predict that you will spend to- 
morrow in bed because you are running a temperature today, which of the 
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generalisations on which I am relying are laws? Examples of this kind could be 
multiplied. 

On matters of more substance, let me select two topics for discussion. The 
first is the applicability of the Hempelian model of explanation to the social 
sciences. There is no representation in this book of the kind of criticism of the 
adequacy of the applicability of the Hempelian model in the natural sciences 
which has been elaborated, for example, by R. Harré. Harré’s point that the 
higher order statements of scientific theory include not only laws, but also 
existence-statements, assertions of‘the existence of hitherto unknown entities 
and structures about which further scientific enquiry can then be made, raises 
the question of whether the deductive character of scientific explanation can be 
understood except in the context of certain ideals of explanation. If the discovery 
of hidden structures and the laws which govern their transformation provides 
the ideal for exploration in natural science, what of social science? How does 
the historian’s ideal of explanation in the interests of providing an intelligible 
narrative (Gallie is another absentee from this book) relate to the ideals of ex- 
planation of the economist and of the sociologist? There are clues to the answers 
to such questions in this book, but no more than clues, since editorial attention 
is so firmly focused on what ought by now to be seen as mock battles between 
Hempelians and anti-Hempelians. ` 

On the question of value and fact there is no discussion comparable to Charles 
Taylor’s demonstration that Lipset’s explanatory schematism in political 
science involves an evaluative commitment. The discussion is again on issues 
and in a mode that ought to be behind us, Thus I am not merely suggesting 
that this is a polemical anthology, but also that it is in some ways a little old- 
fashioned even as that. I hope that it will not be too widely used. 


ALASDAIR MACINTYRE 
University of Essex 


Coren, Percy S. (1968) Modern Social Theory. London: Heinemann Educa- 
tional Books Ltd. 35s. Pp. xii +247. 


Seven years ago John Rex, who is now Professor of Sociology at the University 
of Durham, published a book called Key Problems of Sociological Theory; 
the second chapter of Dr Cohen’s book is called “The Central Problems of 
Sociological Theory’, and a comparison between the two works shows a striking 
convergence of opinion as to what sociology is all about. It is not a view which 
I myself share, so I find it difficult to offer any adequate commentary. 

For Cohen (as it was for Rex and as it was for Durkheim) the central problem 
is to ‘explain the general characteristics of social order and account for variations 
in the forms of it and in the degree to which it is found’. 

It is significant that there is no serious attempt to analyse just what the con- 
cept ‘social order’ might mean. On the other hand, although the term ‘explain’ 
is bandied around in all sorts of ways it usually seems to be equivalent to ‘demon- 
strate the cause of’. I can only comment that, in my view, causal explanations 
lie wholly outside the scope of sociological analysis. 
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According to Professor MacRae, who contributes a short Introduction, the 
book deserves to be treated as a ‘textbook’, so it presumably corresponds to 
what undergraduates are taught at the London School of Economics which is 
itself illuminating. Types of Explanation of Social Order are classified as ‘The 
Coercion Theory’, “The Interest Theory’, ‘The Value-Consensus Theory’ and 
“The Inertia Theory’, and the author observes that in every case the theory 
gives a more plausible account of why societies should persist than of why they 
should come into being in the first place. This point established, Cohen pro- 
ceeds to distinguish Holistic Functionalism as derived from Durkheim, Malinow- 
ski and Radcliffe-Brown from the Theory of Action as derived from von Mises, 
Talcott Parsons and Max Weber, the contrast depending upon whether the 
emphasis is on the continuity of society considered as a system external to the 
individual or on the choices of the individual actor pursuing culturally defined 
goals. In later chapters the author attempts to integrate the views of Lockwood, 
Dahrendorf and Blau with the quadripartite binominal models first devised by 
Talcott Parsons and to summarise the arguments stemming from Simmel 
(through Coser and Gluckman) which affirm a paradoxical consistency between 
social conflict and social solidarity. The book ends with a curiously déja vu 
critique of the theory of social change presented by Durkheim in 1893. Somehow 
the whole exercise scarcely seems worth while; the reader has been taken for a 
jargon loaded walk through the literature and ends up pretty much where he 
began ...so much so that I am not really quite sure whether the following 
verbatim quotation is or is not.a misprint: “When a universal proposition is 
empirical and casual, it is called a scientific theory’ (p. 15). 


EDMUND LEACH 
King’s College Cambridge 


Vicxers, Sir Geoffrey (1968) Value Systems and Social Process. London: 
Tavistock Publications. 38s. Pp. xxii-+217. 


Value Systems and Social Process is made up of nine papers written between 
1954 and 1967, most of which have been previously published. The book 
suffers from repetition, for the same ideas and examples are discussed in many 
papers, and the central theme is continually reiterated. This theme is the in- 
creasing difficulty of political decision-making in modern industrial societies, 
and the importance of. values in directing such decisions. Political choice re- 
quires the weighing up of many disparate values in the search for the most 
satisfactory solution, and is increasingly complex in the densely-populated urban 
societies of the West. Policy-making and expert planning must be inseparably 
linked, for the way in which one decision is implemented will be relevant to 
others: for instance, the Buchanan Committee found that they could not plan 
for the improvement of road-traffic conditions without raising more general 
questions about the type of urban environment which we favour. In a time of 
rapid technological change long-term planning will be more difficult, since new 
techniques will continually overtake existing plans so making them inappro- 
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priate. Further, the general values and specific standards in terms of which we 
assess political decisions are themselves culturally determined and subject to 
environmental influences. Demographic, economic and technological factors 
are currently causing these values and standards to change at an accelerating 
rate. Unless these changes can be rapidly and effectively communicated through- 
out the society, the society will be in danger of breaking down. For govern- 
mental policies will not receive the consent and co-operation of the populace 
unless the relevant values and standards are shared, so that social problems are 
defined and discussed in common terms. 

The author suggests that the increasing rate of environmental change may be 
an ‘ecological trap’ for the human species, unless we can ensure that new political 
values can be learnt and accepted sufficiently quickly to keep up with it. Some 
species are now extinct because they could not adapt to environmental changes 
in time, and if Western society is not to break down we must learn to accept the 
limitations which advanced urban environments necessarily involve. This 
requires, for instance, that our value-systems adjust by changes in the concepts 
of ‘individual liberty’ or ‘progress’ and by developing new attitudes towards 
the private ownership of land. Similarly, our governmental institutions must 
adjust to become better suited to long-term but flexible planning, and better 
forms of political communication must be developed. The author complains 
that psychology has concentrated on the form of learning shown by rats in 
mazes rather than on the learning of new values by human beings. He does not 
mention any of the empirical studies of attitude-change or voting behaviour, 
nor any of the theories (such as cognitive dissonance theory) which provide 
general models of attitude-change. However, it must be admitted that we have 
more data relevant to a rat’s learning a maze than to a man’s learning to love 
the Bomb. The main purpose of Vickers’ book is to persuade us that we must 
concern ourselves urgently with the latter type of learning if our political 
institutions and social fabric are to survive. 

MARGARET A. BODEN 
University of Sussex 


SHACELE, G. L. S. (1966) The Nature of Economic Thought: Selected Papers 
1955-64. Cambridge University Press. sos. Pp. xiv-+ 322. 


Of the twenty-two papers in this volume, all but four have been published 
before. Professor Shackle has arranged them in six parts but, as he explains in 
the Preface, these parts are not linked by any single theme. In Part II, ‘Decision 
versus Determinism’ Shackle outlines his views on decision-making, which 
have attracted attention from philosophers. The level of difficulty of this book 
varies considerably, but quite a few of the essays could be understood by non- 
economists. 

As the subtitle of the volume indicates, the papers in it represent but a part of 
Shackle’s published articles over these years. In addition, he has written several 
books. Yet, I do not think it is unfair to say that Shackle’s impact on economics 
has been limited, for reasons which are perhaps again exhibited in these pages. 


M 
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There is, to begin with, Shackle’s style, which is somewhat Hegelian, espec- 
ially when he is discussing decisions. For example: “The binding together of 
different dates by mechanism, the cutting asunder of different dates by decision: 
seemingly opposite and conflicting principles. Yet, by high paradox, one is 
necessary to the other’ (p. 24). Remarks in this vein can hardly be congenial to 
other current writers on decision theory, to whom, incidentally, Shackle here 
never refers. Again, Shackle devotes much space to defining, rather loosely, 
concepts which seem to me not only metaphysical, but, as far as I understand, 
redundant for his purposes—for example, his definitions of ‘illusory’, ‘empty’ 
and ‘powerless’ decisions, and his concepts of time (cf. pp. 71-84). Nevertheless, 
Shackle’s insistence that uncertainty is an inescapable part of social life, even 
though it tended to be ignored in the ‘economists chief model of man’ (p. 128), 
suggests certain methodological questions which, while they are by no means 
new, still remain unsettled. Although Shackle does not stress these questions 
explicitly, I propose to devote this review to two of them. 

As Shackle points out, until fairly recently the main formal economic models 
incorporated the assumption that all participants in the economic process had 
‘exact, complete and infallible knowledge’ (p. 123). These models are the ones 
still taught at the undergraduate level, and Shackle would argue that the manner 
in which uncertainty has been gradually introduced still retains the ‘perfect 
knowledge’ assumption because it is usually supposed that individuals can list 
all conceivable outcomes of their actions, and attach probabilities to them which 
must sum to one. The status of this ‘perfect and certain knowledge’ assumption 
remains as baffling as ever. When is it, and when is it not, a legitimate assumption? 
I do not think Shackle provides an answer to this long standing question. 
He asserts that‘... . there is no such perfect knowledge’ (Preface), a proposition 
with which, presumably, everybody would agree. But this, by itself, is not enough 
to render the assumption inadmissible; as Milton Friedman and others have 
argued, physicists use theories incorporating the assumption of a vacuum, 
even though ‘there is no such thing’ as a vacuum. Shackle uses some arguments 
in connection with the ‘perfect knowledge’ assumption which seem to me 
verbal, but from which he apparently wishes to infer the non-predictability of 
human decisions. Thus he maintains that, with perfect knowledge, decisions are 
‘empty’, because the individual’s optimal decision is completely determined by 
his preferences and his situation. On the other hand, without perfect know- 
ledge there can be no complete and perfect rationality, because there is no 
unique optimal course of action. Since true decisions are those made ‘in face 
of bounded uncertainty’ (p. 75) they are essentially unpredictable. Shackle 
uses this argument, rather than that given by Popper, to claim the ‘non-pre- 
dictability . . . of history’ (p. 84). 

This leads me to ask two questions. In view of his insistence that uncertainty 
is an ineluctable feature of economic life, why does Shackle think that models 
which rest on the assumption of ‘perfect knowledge’ not only are, but ought to 
remain, part of the economist’s ‘outfit of tools’ (p. 32), on a par with other 
models? I can think of at least one case where the ‘perfect knowledge’ assumption 
seems innocuous, and where its abandonment would not alter any relevant 
result. I have in mind Arrow’s famous discovery of the (logical) impossibility 
of relating social choice to individuals’ preferences in a manner which would 
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satisfy certain, at first blush plausible, (moral) axioms. For his purposes Arrow 
assumed that each individual has a complete and certain ordering of all conceiv- 
able states of the economic universe. Since the impossibility derives from the 
fact that, generally, individuals have different orderings, my guess is that, had 
Arrow relaxed the certainty assumption, his central conclusion would have been 
unaffected. However, as Shackle notes, the ‘perfect knowledge’ assumption 
has been most strongly embedded in models of general equilibrium which have 
been used to demonstrate the ‘optimal’ functioning of perfectly competitive 
market economies. Now, it was hard to account for widespread unemployment 
in terms of such models, and Shackle points out how Keynes tried to explain 
it as the result of the ‘ . . . uncertainty in which human affairs are inescapably 
conducted’ (p. 29; but the formalised version of the Keynesian model does not 
stress this uncertainty). Yet, Shackle seems to hold that the general equilibrium 
model is useful for explaining those aspects of the economy considered in the 
theory of ‘value and distribution’ (cf. p. 124), despite the fact that it cannot 
account for ‘the use of money’ (p. 9), and ‘. . . leaves great questions unexplained’ 
(p. 31). What factual problems can be solved on the basis of the ‘perfect know- 
ledge’ assumption? 

My second question is this: if human decisions are essentially unpredictable, 
what becomes of social science? At first sight it would seem that, just as there 
can be no science of history, there can be no social science. This, however, is 
not the position of Shackle, who in the end seems to re-state Robbins’ view. 
Economists have ‘the right’ to make predictions provided they are qualified by 
the ceteris paribus clause that ‘... people have resolved ... on certain plans 
and that no new decision, in our sense, is taken within the time interval to which 
the prediction applies’ (p. 83). Yet, that time-interval ‘may be zero’! Thus, the 
ceteris paribus clause may be used to deprive the ‘prediction’ of any content. 
As early as 1938 Hutchison argued that this was the way in which it was generally 
used in economics. Although Shackle seems to adopt the view (to which I think 
I. also subscribe), that there is no methodological difference, apart from 
the rationality principle, between the natural and the social sciences, 
I cannot help wondering whether the rationality principle is not at the root of 
the stratagem which so frequently seems to lead to tautologous formulations. 
(Shackle would distinguish between the rationality principle with and without 
perfect knowledge, but this does not seem to be required in the present context.) 
This may be so because the principle requires that we take individuals’ ends or 
preferences as given; yet, with Shackle, we suspect that they may well change 
and therefore refuse to assert their constancy. Hence our conditionals so easily 
come to contain logical, rather than material, implications. 

These are some of the methodological questions which occur to me again as a 
result of reading Professor Shackle’s book. Since his philosophical interests are 
well known, one may perhaps hope that he will one day address himself to them 
explicitly. 


KURT KLAPPHOLZ 
London School of Economics 


1 Incidentally, it is difficult to imagine what Shackle may have in mind when he claims 
- that ‘Had he been listened to, Keynes might have saved the world from war’! (p. 49). 
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Koyr&, A. (1968) Metaphysics and Measurement: Essays in the Scientific 
Revolution. London: Chapman & Hall. 42s. Pp. x-++165. 


This publication in book-form of six of Professor Koyré’s widely known essays 
(four on Galileo, one each on Gassendi and Pascal) provokes a mixed set of 
reader reactions. A dominant impression is one of euphoric nostalgia; for one 
recalls something of the excitement and stimulation that these essays evoked on 
their first reading. In these pages, one can almost picture Koyré in the early 
19408 struggling to convince his colleagues that the history of science was a 
fascinating intellectual exercise requiring philosophical subtlety and sensitivity 
as well as scientific prowess. At the same time, there is an ineluctable sense of 
disappointment; for the Koyré one remembers is better than the Koyré one 
reads. Trained by Koyré to demand a certain standard of analysis, one inevitably 
invokes these standards when reading Koyré. That the philosophical history 
of science has come a long way since 1943 is perhaps best illustrated by examin- 
ing the chapters in this work on Galileo. 

Central to Koyré’s fascinating and multi-dimensional analysis of the career 
of Galileo is the claim that he was—both in label and in substance—a Platonist, 
intent on elaborating (and thereby demonstrating) the Platonic intuition that 
mathematics is the universal science. Koyré sees the scientific revolution, 
particularly in its Galilean phase, as a time when one Greek tradition was used 
to undermine another. Without going so far as to assert that the content of 
Galileo’s Discourses and Dialogue is Platonic, he insists that Galileo’s methods, 
style and ontological commitments were thoroughly Platonic. Disappointingly, 
Koyre’s approach to the important question of Galileo’s philosophical genealogy 
is overly simplistic and superficial. Basically, his argument is this: If one takes 
mathematics seriously as a device for natural inquiry, one is a Platonist. Because 
Galileo does take mathematics seriously, he is an ideal exemplar of Platonism. 

Although Koyré certainly documents the claim that Galileo thought nature 
must be approached mathematically, he provides scarcely any evidence that 
such an attitude is an orthodox Platonic one; indeed, as I will suggest below, 
there are good reasons for suspecting that Plato would have repudiated that 
attitude vehemently. Equally, in claiming that Galileo was a Platonist, Koyré 
persistently conflates the views of renaissance neo-Platonists with Plato’s own 
doctrines. It may be true, for instance, that Galileo was associated with, or 
influenced by, certain neo-Platonists and some vague neo-Platonic ideas. But 
even if this were established by Koyré (which it is not) it still remains an open 
question whether Galileo’s philosophy of nature can best be understood as a 
resurrection of the ideas of the author of the Republic and the Timaeus. What 
work has been done on sixteenth-century neo-Platonism suggests that it wasarather 
violent departure from, and corruption of, those basic beliefs and convictions 
which were the tenets of Platonic philosophy. Thus, the existence of neo- 
Platonic strains in Galileo’s thought cannot be taken as prima facie evidence 
of Galileo’s Platonism. To determine that Galileo was the kind of Platonist 
Koyré makes him out to be, we must ask whether Galileo’s physics and meta- 
physics isan extension of, or even consistent with, the professed doctrinesof Plato. 

Koyré seems to prefer to sweep this problem under the scholarly rug by 
repeatedly asserting that if ‘one claims for mathematics a superior value, and a 
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commanding position in the study of things natural, one is a Platonist’? (p. 15). 
Again, he observes: ‘I have just called Galileo a Platonist. And I believe that 
nobody will doubt that he is one’ (p. 40). He even insists that the Two New 
Sciences is, for Galileo, ‘an experimental proof of Platonism’ (p. 43). Aphoristic 
sloganeering of this kind may win elections, but it is hardly appropriate to 
establish a far-reaching and controversial historical thesis. Space obviously 
does not permit a discussion of this point here. But one can at least raise some 
perplexing questions: How, for instance, can Koyré reconcile Plato’s insistence 
that all our ‘knowledge’ of the physical world is mere opinion (doxa) with 
Galileo’s conviction that one can have infallible knowledge of material objects? 
How does he explain Galileo’s frequent concern with the minutiae of mundane 
observation in the light of Plato’s claim that sensory evidence is invariably 
inconclusive? How would he reconcile Plato’s claim that no physical objects 
have determinate shapes with Galileo’s repeated demand that every object 
has a precise and definite shape? Finally, did not Plato explicitly repudiate the 
implications of Galileo’s dictum that the language of nature was written in 
mathematical characters? Obviously, these are not questions of minor or peri- 
pheral detail. They seem to point to fundamental differences of methodology 
and epistemology which ought not to be glossed over nor glibly ignored. Con- 
sequently, I believe one cannot escape the conclusion that the standards set, 
and expectations aroused, by Koyré’s other works are both compromised and 
frustrated by his treatment of Galilean Platonism. 

On the other hand, I am not very sympathetic with Koyré’s critics who attack his 
Galilean studies because they concentrate exclusively on intellectual history 
and neglect the social, technological and economic background to Galilean 
mechanics. While true enough, such criticisms miss Koyré’s point that we must 
first understand intellectual influences before we can attempt to explain them in 
socio-economic terms. Koyré was absolutely right to concentrate first on the 
structure of Galileo’s ideas and the philosophical traditions he might have 
drawn on. Where I think he failed was in his refusal to investigate with sufficient 
care precisely what Platonism was and what its tenets were. Koyre’s vision, 
even if slightly myopic when it comes to Plato, was an important and a perceptive 
one. Accordingly, this book should be required reading for all those in the field 
who have not experienced the thrill—and the occasional irritation—of Koyre’s 
work. 

L. LAUDAN 
University College London 


EnLers, H. (1968) Logic by Way of Set Theory. New York: Holt, Rinehart & 
Winston, Inc. n. p. Pp. xili+386. 


Logic by Way of Set Theory is an Introduction to Logic textbook of the most 
elementary kind. It is intended to supplement a first-year University course 


1 On Koyre’s criterion, we should be forced to say that Kant is a platonist since, in his 
Metaphysical Foundations of Natural Science, he stresses that ‘in each special natural 
science the amount of science, properly so called, is equal to the amount of mathematics 
it contains’ (Introduction). Similarly, Newton, Lagrange, Euler, Gauss and every 
other mathematical physicist would emerge as a disguised Platonist. 
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in logic, and is considered by the author to be suitable for ‘verbal minded 
(e.g. prelaw)’ and ‘symbol minded (e.g. pre-engineering)’ students. It also 
‘strives for (2) balance between theory (logic as a science) and practice (logic 
as an art)’ (p. v). 

Part I is devoted to a lengthy discussion of the basics of (Cantor) set theory:— 
sets, subsets and elements; intersection, union and complementation; Null Set 
etc., and ends with a justification for the preference of Venn diagrams to Euler 


Part II is devoted to an equally lengthy discussion of the basics of proposi- 
tional calculus (a title which the author considers ‘frightening’ (p. vi)): simple 
and complex propositions; truth tables; tautologies, contradictions and con- 
tingencies; substitution, etc. 

Little space is devoted to the all-important (in the context of this book) 
correspondence between the theory of sets and the theory of propositions, 
although this correspondence seems to be the sole motivation for the title of this 
text. 

Part III is devoted to Inference and chapter 5 to deductive proofs using, 
mainly, the rules of (C.P.) Conditional Proof and (R.A.A.) Reductio ad Absurdum 
(not Absurdam, p. 196). Chapter 6, Logic in Ordinary Language deals cursorily 
with fallacies and paradoxes, e.g. ambiguity, ignorance and circular reasoning, 
etc., in ordinary language, and chapter 7, Traditional and Modern Logic, 
deals with syllogisms and the square of opposition, and how they may be re- 
flected in propositional calculus and set theory. Chapter 8, Probability, seems 
rather out of place in this text but it does reintroduce something of a mathemati- 
cal flavour (i.e. odds), considered by the author to be advantageous to his 
‘verbal minded’ students. It relates alternative, mutually exclusive, comple- 
mentary, independent and dependent events to the number of elements in a 
set. 

In chapter g, Related Topics, it is shown in section 9.1 by the example of 
on-off switches, how set theory may be used ‘as a model for thinking about 
electric circuits’. Section 9.2, Logic and Scientific Discovery, contains a mixture 
of ‘Brain Busters’ (‘creative thinking’) and J. S. Mill, and the book ends with an 
‘overview’ of Axiomatics, section 9.3, and some concluding remarks. 

It is difficult to decide to which students this text would be of use, for the 
rudimentary set theory would certainly be of little interest to serious students 
of mathematics, and to other students meeting logic for the first time, in the 
opinion of the reviewer, an unnecessary initial complication. Perhaps with its 
‘programmed learning’ (p. v) (solutions to odd numbered problems given in 
the text) this book would be suitable for students of logic at pre-university 
level. The reviewer does not, however, recommend this text for ‘new math’ 
or for a ‘better understanding of the psychological-logical approach to child 
growth and development’ (p. vii). To its credit, this text is perspicuously 
written, and contains a large number of simple exercises. However, the reviewer 
does not consider it to be an exceptional contribution to the already large set 
of Introduction to Logic texts. 

J. R. CHIDGEY 
University of Manchester 
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CARDWELL, D. S. L., Ed. (1968) John Dalton and the Progress of Science. 
Papers presented to a conference held to mark the bicentenary of Dalton’s 
birth. Manchester: Manchester University Press. 55s. Pp. xzii-+352. 


“The more seductive the hypothesis is’, wrote Berthollet—and he had Dalton’s 
atomic concepts in mind—‘the more necessary it becomes to examine it closely’. 
All the more reason then why the seductive hypothesis that Dalton’s theory 
revolutionised the science of chemistry should be subjected to detailed scrutiny. 
Twenty wide ranging papers—most of them unexciting—constitute this com- 
memoration volume which will naturally appeal more to the historian than the 
philosopher. Anniversary celebrations are always liable to encourage negligence 
in matters philosophical, when excessive homage and a little wine may ease the 
burden of judgment, but it is disappointing to find so few philosophical issues 
explicitly discussed here. There is of course a certain pathos about the historian’s 
predicament: rejected as an apostate by his scientific colleagues—for science 
still poses as an apocalyptic activity—he can rarely convince the philosopher 
that he has anything instructive to say about presuppositions of the scientific 
enterprise. Yet this ought not to be so, since it is the historian of science, 
after all, who should be most familiar with the dynamics of scientific change. 
So before this book is dismissed as a dreary example of ‘fundamentalist’ his- 
toriography, it must be said in its favour that buried among its pages are the 
kernels of many an interesting problem—though one has to forage for them. 

One such is the so-called ‘problem of transdiction’—the problem of making 
and justifying inferences from macroscopic phenomena to the properties of 
microscopic entities. It is from the point of view of this problem, Professor 
Guerlac argues, that Dalton’s position in the history of science can be seen in 
its true light. Whereas Newton, and eighteenth-century philosophers after him, 
failed to infer the nature and magnitude of intermolecular forces, Dalton showed 
how one could, from the weights of macroscopic substances, infer the relative 
weights of their microscopic components. But since at least three different 
issues were bound up with the microscopic/macroscopic barrier, was this a 
genuine solution of the transdictive problem? By what criteria were primary to be 
differentiated from secondary qualities? On what grounds could inferences from 
macroscopic to microscopic properties be justified at all? And how were con- 
straints to be placed on the many possible microscopic explanations of a parti- 
cular macroscopic phenomenon? Surely Dalton’s atomism was too crude to 
constitute a satisfactory solution to the problem as formulated in this tripartite 
fashion? Certainly it is an extravagance to claim, as one contributor does, that 
‘Dalton for the first time made positive verifiable statements about the ultimate 
structure of things’. Dalton himself lamented that empirical formulae and 
atomic weights chased each other in such circles of mutual dependence that any 
conjectural atomic weight had to rest on unverifiable assumptions about the 
combining ratios of atoms. 

It was Dalton’s unverifiable assumption that when only one compound of two 
given elements was documented, that compound had to be AB and not AB, 
But contrary to popular belief it was not a simplicity assumption. Since, on the 
basis of Dalton’s theory of heat, like atoms repelled each other, a compound AB 
was sure to be more stable than alternatives such as AB, or AB,. Dalton there- 
fore selected AB on the ground of stability, not simplicity—surely a warning 


184 Reviews 


against abstract treatments of ‘simplicity’ which ignore the flesh of a theory. 
It is true, as William Henry saw, that Dalton’s theory, with its commitment to 
fixed proportions, was ‘more consonant to the general simplicity of nature’ 
than was Berthollet’s doctrine of unlimited proportions, but this merely em- 
phasises the risk involved in dissociating discussions of simplicity from the 
historical nexus in which a theory is born and bred. 

A fascinating debate between Berzelius and Dalton not only reveals the 
incompatibility of their respective atomic theories, but also the importance of a 
theory’s scope among its credentials for acceptability. Berzelius, unlike many 
of his contemporaries, was suspicious of Dalton’s theory not because there were 
contradictory facts, but merely because there were additional phenomena of 
combination which it neither explained nor purported to explain. Berzelius’ 
own wrestling with the atomic theory also provides an attractive case study 
in the failure of an operationalist programme of atomic definition. Gay-Lussac 
had recently propounded his volumetric law of gaseous combination, and since 
volumes could be measured whereas atoms could not, Berzelius for a while 
insisted that equal volumes of gases would, under standard conditions, contain 
equal numbers of atoms. But the attempt to construct atoms out of volumes soon 
capsized when Dumas, in the 18308, published his anomalous vapour densities. 
Between 1811 and 1860 the alternative hypothesis of Avogadro also enjoyed a 
very chequered career—so chequered that most conventional language of 
‘verification’ or ‘falsification’ is totally inadequate to account for its misfortunes. 
Its plausibility at any time was intimately related to a highly interwoven web of 
background assumptions which decided the legitimacy or illegitimacy of poly- 
atomic molecules Xp. 

The editor, Dr Cardwell, has obviously enjoyed a little positivist baiting 
and the general tone of the papers is consonant with his point that ‘when new 
concepts arise in science they are rarely if ever clearly defined’. However, 
to say, as does another contributor, that ‘chemistry in the nineteenth century 
thrived when it was naive and pictorial, and languished when it tried to be 
abstract and subtle’ invites some rejoinder. Was not Gerhardt, to whom organic 
chemists were deeply indebted for their homologous series, an exemplary 
positivist? 

An unadventurous volume, but not one to be overlooked. 


JOHN HEDLEY BROOKE 
University of Sussex 
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Philosophy of Science, 34 (1967) No. 4 
SAVAGE, Leonard J. Difficulties in the theory of personal probability 


Hacking, Ian. Slightly more realistic personal probability 

A person required to risk money on a remote digit of m would, in order to comply fully 
with the theory [of personal probability] have to compute that digit, though this would 
really be wasteful if the cost of computation were more than the prize involved. For the 
postulates of the theory imply that you should behave in accordance with the logical 
implications of all that you know. Is it possible to improve the theory in this respect, 
making allowance within it for the cost of thinking, or would that entail paradox? 


Suimony, Abner. Amplifying personal probability theory: Comments on L. J. Savage’s 
‘Difficulties in the theory of personal probability’ 


BoLkER, Ethan D. A simultaneous axiomatization of utility and subjective probability 
This paper contributes to the mathematical foundations of the model for utility theory 
developed by Richard Jeffrey in The Logic of Decision [5]. In it I discuss the relationship 
of Jeffrey’s to classical models, state and interpret an existence theorem for numerical 
utilities and subjective probabilities and restate a theorem on their uniqueness. 


BOHNERT, Herbert G. Communication by Ramsey-sentence clause 

F. P. Ramsey pointed out in Theories that the observational content of a theory ex- 
pressed partly in non-observational terms is retained in the sentence resulting from 
existentially generalising the conjunction of all sentences of the theory with respect to 
all nonobservational terms. Such terms are thus avoidable in principle, but only at the 
cost of forming a single ‘monolithic’ sentence. This paper suggests that communication 
may be thought of as occurring not only by sentence but by clause, a sentential formula 
closed except for a special kind of variable. Understanding such clauses requires incorpor- 
ating them within the scope of one’s own Ramsey sentence. Many concepts of deductive 
and inductive logic carry over without great change. But the concepts of truth and des- 
ignation are extendible to clauses only in the sense that assertions involving them must, 
to be understood, in turn be construed as clauses and incorporated into the Ramsey 
sentence. The behaviour of these extended concepts of truth and designation suggests 
an explication of coherence truth within a correspondence-truth framework. 


Krantz, David H. Extensive measurement in semiorders 

In both axiomatic theories and the practice of extensive measurement, it is assumed 
that a series of replicas of any given object can be found. The replicas give rise to a 
standard series, the ‘multiples’ of the given object. The numerical value assigned to any 
object is determined, approximately, by comparisons with members of a suitable standard 
series, 

‘This prescription introduces unspecified errors, if the comparison process is somewhat 
insensitive, so that ‘replicas’ are not really equivalent. In this paper, it is assumed that 
the comparison process leads only to a semiorder, which allows for such insensitivity. It is 
shown that, nevertheless, extensive measurement can be carried out, provided that a 
certain set of (plausible) axioms is valid. Approximate measures, and their limits of error, 
can be derived from finite sets of semiorder observations. These approximate measures 
converge to ratio-scale exact measurement. 


Jose, Evan K. Discussion: Some recent work on the problem of law 
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Hatz, Thomas S. On biological analogs of Newtonian paradigms 

To what extent is the scientist’s endeavour qua scientist influenced by his philosophic 
image of himself? A preliminary and partial answer to this question is suggested by a 
study of eight physiological thinkers of the second half of the eighteenth century, a period 
during which biology was much influenced by the scientific and philosophical ideas of 
Isaac Newton. At this time, physiologists invoked certain ‘principles’, ‘properties’, 
and ‘powers’ which were deemed useful as explanatory devices, even though they could 
not themselves be explained. The use of these devices in physiology was often defended 
in terms of their supposed similarity to devices used in mathematics and Newtonian 
physics. The results of this practice are considered critically, partly in the light of current 
studics of scientific explanation. 


Hanna, Joseph F. An explication of ‘explication’ 

It is generally agreed that the method of explication consists in replacing a vague, 
presystematic notion (the explicandum) with a precise notion (the explicatum) formulated 
in a systematic context. However, Carnap and others who have used this and related terms 
appear to hold inconsistent views as to what constitutes an adequate explication. The 
central feature of the present explication of ‘explication’ is the correspondence condition: 
permitting the explicandum to deviate from some established ‘ordinary-language’ con- 
ventions but, at the same time, requiring that the explicatum correspond (via an effective 
translation) to the chosen ‘definitive intension’ of the explicandum. (In effect, the first 
stages of an explication provide an informal characterisation of a vague and possibly 
inconsistent language convention.) The present account of explication contrasts sharply 
with that sketched by Quine in Word and Object (although Quine accepts a correspondence 
condition of a sort). The terms ‘explication,’ and ‘explication,’ are used to indicate these 
quite different senses of the term. In Kaplan’s terminology, explication; is intended to 
remedy ‘external vagueness’ while explication, is intended to remedy ‘internal vagueness’. 


CORNMAN, James W. Mental terms, theoretical terms, and materialism 

Some materialists argue that we can eliminate mental entities such as sensations because, 
like electrons, they are theoretical entities postulated as parts of scientific explanations, but, 
unlike electrons, they are unnecessary for such explanations. As Quine says, any explana- 
tory role of mental entities can be played by ‘correlative physiological states and events 
instead’. But sensations are not postulated theoretical entities. This is shown by proposing 
definitions of the related terms, ‘observation term’, and ‘theoretical term’, and then 
classifying the term ‘sensation’. The result is that although ‘sensation’ is a theoretical 
term, it is also a reporting term because it is used to refer to phenomena we are aware of. 
Consequently sensations are not postulated and cannot be eliminated merely because 
they are unnecessary for explanation. 


KÖRNER, S. Discussion on Bergmann’s ontology 
Philosophy of Science, 35 (1968) No. 2 


Fine, Arthur I. Logic, probability, and quantum theory 

The aim of this paper is to present and discuss a probabilistic framework that is ade- 
quate for the formulation of quantum theory and faithful to its applications. Contrary to 
claims, which are examined and rebutted, that quantum theory employs a nonclassical 
probability theory based on a nonclassical ‘logic’, the probabilistic framework set out 
here is entirely classical and the ‘logic’ used is Boolean. The framework consists of a 
set of states and a set of quantities that are interrelated in a specified manner. Each state 
induces a classical probability space on the values of each quantity. The quantities, so 
considered, become statistical variables (not random variables). Such variables need not 
have a ‘joint distribution’. For the quantum theoretic application, there is a uniform 
procedure that defines and determines the existence of such ‘joint distributions’ for 
statistical variables. A general rule is provided and it is shown to lead to the usual com- 
patibility-commutivity requirements of quantum theory. The paper concludes with a 
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brief discussion of interference and the misunderstandings that are involved in the false 
move from interference to nonclassical probability. 


FIUMPHREyS, W. C. Statistical ambiguity and maximal specificity 


HlempeL, Carl G. Maximal specificity and lawlikeness in probabilistic explanation 

The article is a reappraisal of the requirement of maximal specificity (RMS) proposed 
by the author as a means of avoiding ‘ambiguity’ in probabilistic explanation. The author 
argues that RMS is not, as he had held in one earlier publication, a rough substitute for 
the requirement of total evidence, but is independent of it and has quite a different 
rationale. A group of recent objections to RMS is answered by stressing that the statistical 
generalisations invoked in probabilistic explanations must be lawlike, and by arguing 
that predicates fit for occurrence in lawlike statistical probability statements must meet 
two conditions, at least one of which is violated in each of the counterexamples adduced 
in the objections. These considerations suggest the conception that probabilistic-statistical 
laws concern the long-run frequency of some characteristic within a reference class 
as characterised by some particular ‘description’ or predicate expression, and that replace- 
ment of such a description by a coextensive one may turn a statement that is lawlike into 
another that is not. Finally, to repair a defect noted by Grandy, the author’s earlier 
formulation of RMS is replaced by a modified version. 


ROZEBOOM, William W. New dimensions of confirmation theory 

When Hempel’s ‘paradox of confirmation’ is developed within the confines of con- 
ditional probability theory, it becomes apparent that two seemingly equivalent generalities 
(‘laws’) can have exactly the same class of observational refuters even when their respective 
classes of confirming observations are importantly distinct. Generalities which have the 
inductive supports we commonsensically construe them to have, however, must incorpor- 
ate quasi-logical operators or connectives which cannot be defined truth-functionally. 
‘The origins and applications of these ‘modalic’ concepts appear to be intimately linked with 
a number of basic conundrums in the philosophy of science, such as causation and the 
nature of explanation. 


WEBB, Judson. Metamathematics and the philosophy of mind ; 
The metamathematical theorems of Gödel and Church are frequently applied to the 
philosophy of mind, typically as rational evidence against mechanism. Using methods of 
Post and Smullyan, these results are presented as purely mathematical theorems and 
various such applications are discussed critically. In particular, J. Lucas’s use of Gödel’s 
theorem to distinguish between conscious and unconscious beings is refuted, while more 
generally, attempts to extract philosophy from metamathematics are shown to involve 
only dramatisations of the constructivity problem in foundations. More specifically, 
philosophical extrapolations from metamathematics are ahown to involve premature ex- 
tensions of Church’s thesis. 


BERENDA, C. W. Phonons—the quantization of sound (and Kant’s second antinomy) 
The recent extension of quantum theory to sound waves in solids is briefly outlined 
and then discussed from a specific philosophic (Kantian) perspective. : 


MARLEY, A. A. J. An alternative ‘fundamental’ axiomatization of multiplicative power 
relations among three variables 

Suppose that the axioms of conjoint measurement hold for quantities having two 
independent components and that the axioms of extensive measurement hold for each 
of these components separately. In a recent paper, Luce shows that if a certain axiom 
relates the two measurement systems, then the conjoint measure on each component 
is a power function of the extensive measure on that component. Luce supposes that 
each component set contains all ‘rational fractions’ of each element in that set; in this 
note we present an alternative form of the axiom relating the measurement systems that 
enables us to prove Luce’s result without requiring that such ‘rational fractions’ exist. 


Nei, Edward J. Discussion: Strawson, particulars and space 


THOMPSON, John W. Discussion: polarity in the social sciences and in physics 
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Roperts, Fred S. and Luce, R. Duncan. Axiomatic thermodynamics and extensive 
measurement 

Foundational thermodynamics is discussed in the context of the theory of measurement. 
A numerical representation theorem for systems (S, <, o> is presented, generalising 
Hölder’s theorem to the case where the relation < is non-connected. The theorem is 
suggested when Y is interpreted as the possible states of a class of isolated thermodyn- 
amical systems, a<b means that it is physically possible for a system in state a to pass 
in time into state b, and a o b denotes the state of the system that obtains when one con- 
siders the noninteracting union of systems in states a and b. As a corollary, compact 
necessary and sufficient conditions for traditional extensive measurement are derived. 


DUISTERMAAT, J. J. Energy and entropy as real morphisms for addition and order 

The physical concepts of energy and entropy are defined as real-valued functions on a 
state space S, which are additive with respect to a structure of addition (‘joining’) in S 
and monotonous with certain processes in S. In particular, energy is monotonously de- 
creasing with passive processes and entropy is monotonously increasing with adiabatic 
processes. T'he general mathematical properties of such ‘morphisms for addition and order’ 
are studied. Secondly, the connections with the usual definitions of energy and entropy 
are discussed and an introductory treatment of mechanics and thermodynamics is present- 
ed which is formulated entirely in terms of the structures of addition and the correspond- 
ing processes in the state space. 


Wırson, Fred. Is operationism unjust to temperature?’ 

Hempel has argued that the operationist is unable to do justice to such scientific 
concepts as that of temperature, for which there are several different test procedures. 
The operationist claims, and Hempel denies, that such concepts are explicitly defined 
on the basis of the tests and their results. A model of what the operationist might reasonably 
say about the logic of the concept of temperature is developed and a detailed examination 
of some basic aspects of classical thermodynamics shows it to be adequate. This model and 
this examination are used to defend the operationist’s claim, to establish the insufficiency of 
Hempel’s objections. 


Hansson, Bengt. Fundamental axioms for preference relations 

The common part of different theories of preference relations is only the trivial result 
that preference relations must be strict preorders, i.e. irreflexive and transitive relations. 
This paper is mainly a critical survey of axiom suggestions which try to carry the theory 
beyond this trivial level. The results are much in the negative—most proposed axioms 
imply too strange consequences to be acceptable in a general theory of preference. 


Hansson, Bengt. Choice structures and preference relations 

A problem with many applications is that of how to pick out the best one in a set of 
alternatives. It is possible to give axioms for a function, picking out elements like that. 
This problem is obviously closely related to the theory of preference relations—more 
specifically to the question of when there are maximal elements in a set in respect to a 
given preference relation. This paper investigates which axioms one has to presuppose 
about the ‘picking’-function in order to make the two approaches equivalent. 


Korovic, Carl R. On prescribing description 

In order to scrutinise conceptual revolutions in science, Stephen Toulmin has recom- 
mended the use of a purely descriptive methodology. His analysis is examined and found 
to be unsatisfactory: (a) it is either logically untenable or else it leads to an unjustified 
dualism; (b) it precludes the appraisal of different theories; (c) it prolongs the acceptance 
of unsatisfactory scientific hypotheses. The author then suggests that, contrary to Toulmin, 
norms and a-historical standards are needed to generalise about the merits of rival scientific 
theories. 


TOULMIN, Stephen. Reply 
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SMART, J.J. C. Quine’s philosophy of science 

Quine’s philosophy of science in Word and Object contains the following features. 

(1) A denial of any sharp distinction between philosophy and science. (2) Realistic attitude 
to theoretical entities: (There are few traces of the pragmatism and instrumentalism which 
can be found in some of his earlier writings.) One may have certain qualms about his 
treatment of set theoretical entities as theoretical posits, much as electrons are, but it is 
hard to find good arguments against Quine’s position here, (3) Quine’s philosophy of 
science is hospitable to both relational and absolute theories of space-time. (4) An ad~ 
vocacy of extensional languages for science, and arguments against intensional languages. 
It is suggested that even apart from Quine’s arguments against intensional languages, 
one should prefer an extensional Janguage for science on account of considerations of 
economy and elegance. 


Harman, Gilbert. An introduction to “Translation and meaning’, chapter two of Word 
and Object 

Quine’s thesis of the indeterminacy of radical translation may be explicated by con- 
sideration of various ways to translate number theory into set theory. The issue between 
Quine and his opponents reduces to an issue in psychological theory: does psychological 
explanation require postulation of propositional attitudes over and above sentential 
attitudes? The author agrees with Quine that it does not, although this has not been 
conclusively demonstrated. In any event, various prima facie objections to Quine’s 
argument can be shown to be without force. 


Srentus, Erik. Beginning with ordinary things : 

In Quine’s Word and Object the title of the first section is ‘Beginning with Ordinary 
Things’. In the present paper the author maintains that really beginning with ordinary 
things leads to an entirely different kind of theory of language. So, for instance, a sound 
theory of language must make a sharp distinction between the functioning of the 
expression ‘My foot’ as a one-word sentence and its functioning as a name of an 
individual. The possibility of reducing individual names to predicates is contested: 

whereas the semantics of predicates is intensional, the semantics of individual names is 
extensional. This observation leads to a new analysis of Quine’s paradoxes in modal logic, 


Cuomsxy, Noam, Quine’s empirical assumptions 

In the early chapters of his Word and Object, Quine discusses the nature and acquisition 
of language and common sense knowledge in a way that seems susceptible to interpre- 
tation as involving certain empirical assumptions. These empirical assumptions, however, 
seem very dubious, in fact, in conflict with what is known about these matters, Corres- 
pondingly, any philosophical conclusions based on these assumptions in part seem to be 
without force. 


HINTIKKA, Jaakko. Behavioral criteria of radical translation 

It is suggested that the game theoretical interpretation which the author has put 
forward in American Philosophical Quarterly, Monograph Series 2 (1968) 46-72, offers 
a possibility of translating radically by means of the behaviour that characterises the 
‘games’ associated with quantified sentences. It is also suggested that this possibility. 
shows an important gap between what can be specified by means of those particular 
dispositions (to assent and dissent) in terms of which Quine wants to distinguish ostensive 
meanings and what is translatable by the help of the totality of (actual or possible) ob- 
servable behaviour of language-speakers. Finally, some implications of these observations 
for the concept of ontic commitment are sketched. 


Stroup, Barry. Conventionalism and the indeterminacy of translation 

Quine’s arguments for the indeterminacy of translation demonstrate the existence and 
help to explain the rationale of restraints upon what we can say and understand. In 
particular they show that there are logical truths to which there are no intelligible alter- 
natives. Thus the standard view that the truths of logic differ from ‘synthetic’ statements 
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in being true solely by virtue of linguistic convention— which requires for its plausibility 
the existence of intelligible alternatives to our present logical truths—is opposed directly, 
and not by the espousal of ‘a more thorough pragmatism’. This raises problems about 
possibility and novelty. 


Strawson, P. F. Singular terms and predication. Reprinted from Journal of Philosophy 
58 (1961) 393-412. 


Gracn, P. T. Quine’s syntactical insights 

Four syntactical insights in Quine’s works are here discussed: (1) the importance for 
syntactical analysis of the scope of operators; (z) the strict syntactical correspondence 
between certain pronouns in the vernacular and bound variables in symbolic logic; 
(3) the eliminability of complex designations; (4) the utility of regarding a sentence as 
obtained by introducing a predicable as interpretation of a schematic letter. 

As regards (x), it is stressed that proper names are essentially scopeless, whereas phrases 
like ‘some man’ have a scope. Failure to grasp (2) leads to inept dissections of sentences. 
An attempt is made to apply insight (3) to vernacular by developing a ‘Latin prose’ 
theory of relative clauses. Finally, it is shown that insight (4) is needed in the analysis 
of quite simple sentences> 


Davipson, Donald. On saying that 

Quine’s discussion of indirect discourse (and sentences about other propositional 
attitudes) in Word and Object ends by tentatively accepting an analysis that would prevent 
the recursive characterisation of a Tarski-type truth predicate. This situation is remedied 
by developing clues provided by Quine into a theory according to which the ‘that! of 
indirect discourse is conceived as a demonstrative referring to an immediately subsequent 
utterance, Thus substitution in the utterance following ‘said that’ that would not change 
its truth-value may change the truth-value of the utterance ending with the words ‘said 
that’ by changing the reference of the ‘that’. 


Ferıespar, Dagfinn, Quine on modality 

An appraisal of the current status of the modalities and of Quine’s arguments against 
them. The author accepts ‘Quine’s thesis’, that one cannot quantify into referentially 
opaque contexts, and argues that nobody has succeeded in making sense of such quan- 
tification. However, it is shown that modal constructions, being constructions on general 
terms and sentences, can be referentially transparent and extensionally opaque and con- 
sequently the collapse of modal distinctions warned against by Quine in Word and Object 
can be avoided. This combination of referential transparency and extensional opacity is 
just what Quine means by essentialism, and the author therefore agrees with Quine that 
quantified modal logic commits one to essentialism. 


SELLARS, Wilfrid. Some problems about belief 


Kaptan, David. Quantifying in 

Certain problems which arise in connection with the analysis of oblique contexts are 
discussed. Frege’s method of analysis is contrasted with that of Quine. It is argued that 
Frege’s method does not in itself immediately provide for the most interesting form of 
quantification into such contexts. Some new notions are introduced which may prove 
useful in analysing such quantifications. 


Berry, George. Logic with platonism 


Jensen, R. B. On the consistency of a slight (?) modification of Quine’s New Foundations 
Let T be ordinary type theory. Let NFU be Quine’s system NF with the axiom of 
extensionality weakened so as to permit Urelemente. We show that NFU is consistent 
relative to T. Moreover, letting Inf be the axiom of infinity and AC the axiom of choice, 
NFU-+Inf (NFU-+Inf+AC) is consistent relative to T+Inf (T+Inf+AC). Inf is not 
provable in NFU (though Specker showed —-AC to be provable in NF), 


Quine, W. V. Replies 
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The Sorites Paradox 





byJAMES CARGILE 


What mathematicians call ‘Mathematical Induction’ is known outside ss” 


mathematics as “The Slippery Slope Fallacy’. . 

JOSE BENARDETE 

Suppose that a movie camera is focused on a tadpole confined in a small 
bowl of water. The camera runs continuously for three weeks, and at the 
end of that time there is a frog in the bowl. At 24 frames per second we 
will have, assuming that the camera works perfectly, 43,545,600 pictures. 
Let these be arranged in a series S in the order in which they were taken. 
Then consider this property of numbers: the property of being the number 
of a picture in series S which is such that the creature shown in the picture 
is, at the time the picture was made, a tadpole. It seems clear that however 
doubtful the ascription of this property may be in some cases, it is correctly 
ascribable to 1 and not correctly ascribable to 43,545,600. That is, the 
first picture depicts a tadpole and the last does not. These two apparently 
unquestionable facts may be expressed symbolically, letting ‘P’ stand 
for the property of numbers just described, as follows: 

A. P(1) 

B. ~ P (43,545,600). : 
However, from A and B, it is easy to derive, using the classical version 
of the least number principle, 

C. (In) (P (n) & »P(n+1)). 

(The classical version of the least number principle is that if the number ı 
has a certain predicate and a larger number n does not, then there is a 
least number among the set of numbers between 1 and n which do not 
have the predicate. See, e.g. Kleene (1952) p. 190.) 

Why should this be paradoxical? Well, on the meaning we have given 
to ‘P’, C means that there is some picture in the series S such that it is a 
picture of a tadpole, while the very next picture, taken one twenty-fourth 
of a second later, is not a picture of a tadpole. So it would seem to follow 
that the creature depicted was a tadpole, and then a split second later, 
was not. And this argument is obviously independent of the speed of the 
camera, which could be taken, right up to the theoretical limit of camera 
speed, so that the split second in which the thing depicted ceases to be 
a tadpole would be a very short time indeed. And this strikes many 
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people as extremely counterintuitive. Many people, even many with 
at least some grasp of logic, would accept A and B but reject C, which 
follows from A and B by simple rules of logic. 

This reluctance to accept C on the basis of A and B could be reinforced 
by considering a wide range of similar cases. For example, it is common for 
philosophers to point out that while there is a time when a child does not 
have the ability to speak English and later on a time when he does have 
this ability, there is no moment when a child becomes able to speak 
English. But if we let ‘P’ stand for the property of being able to speak 
English and we serially order a child’s life by seconds or whatever fraction 
of a second you please, it will follow from the fact that at the start of the 
series it is not the case that the child has the ability while at the end it is 
the case, that there is a split second such that it is true that second that 
the child has the ability, while a split second before, he did not. This 
will follow in exactly the same way that the conclusion follows in our 
case of the tadpole. And it should be easy to see how this procedure can 
be applied to any case of change in time. 

I think that very many philosophers would say quite flatly that there 
is not a fraction of a second such that a child can speak English at that 
time, while it was not the case that he could speak English a fraction 
of a second before. And they would say the same thing in connection with 
our tadpole and in a great variety of other cases. That is, they would, 
in a great many cases, assert things like A and B while not only refusing 
to assert the associated C, but while even flatly asserting its negation 

D. ~(dn) (P (n)& ~P(n+1)). 

Furthermore, I think that such philosophers, if pressed to justify 
asserting A, B, and D, in face of the fact that these propositions are, 
taken together, provably inconsistent with the classical least number 
principle, would reply that the predicates involved, such as ‘being the 
number of a picture in series S which depicts a tadpole’ are vague, and 
that such principles as the classical least number principle do not hold for 
vague predicates. 

The classical least number principle is not an axiom, but a theorem 
of the classical theory of numbers. So those who hold that it does not apply 
to vague predicates must hold the same doctrine with respect to at least 
some of the axioms or rules of inference involved in its derivation. The 
most natural candidate among these is the law of excluded middle, which 
could be set forth, for the present purposes, in the form 

(mM (P(n)v ~P(n)). 

The law of excluded middle is a natural target for those who want to 

refuse to apply the classical least number principle to vague predicates, 
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because it is common to hold that the law of excluded middle does not 
apply to vague predicates. It is common to hold that vague predicates 
admit of ‘borderline cases’ in which it is not correct either to apply or 
deny the predicate. 

However, while its being common to deny the law of excluded middle 
application to vague predicates may indicate that it is reasonable to say 
this, it does not explain why it is reasonable. Furthermore, the fact that 
rejecting the law of excluded middle for vague predicates will allow rejecting 
the classical least number principle for vague predicates does not explain 
why it is reasonable to reject either of these laws for vague predicates. 

I am unable to imagine any consideration which would justify rejecting 
either the law of excluded middle or the classical least number principle, 
with respect to any predicate whatsoever, whether vague or not. But at 
any rate, the important point here is that it is easy to prove, using the 
intuilionist version of the least number principle (see Kleene (1952) p. 190), 

E. ~ ~ (3n) (P(n) & ~P(n+1)). 

Since the intuitionist least number principle does not rest on the law 
of excluded middle, this means that those who assert A, B and D will not 
avoid a charge of inconsistency by rejecting the law of excluded middle. 
They will have to reject something among the principles which allow the 
derivation of the intuitionist least number principle. 

There is one principle involved in the derivation of the intuitionist 
least number principle which some might deny. The principle of contra- 
position might be denied by a logician attempting to formalise Strawson’s 
notion of presupposition. But this would concern only cases of denotation- 
less singular terms (assuming an interpretation of ‘singular term’ on which 
this phrase is not contradictory). And there is nothing of that sort in the 
present cases. 

Once we set aside the restrictions on logical principles which result from 
attempting to accommodate denotationless singular terms, and we recog- 
nize that the law of excluded middle need not be brought into consideration 
those who would assert A, B, and D must oppose principles at the very 
heart of logic. 

However, it might be held that there is an alternative to opposing these 
principles. It might be held that rejecting the application of these principles 
in deriving E (or C) from A and B, is not to reject the principles, but 
merely to deny that A, B and E (or C) are all the sorts of things the prin- 
ciples are concerned with. 

Thus it might be said that the application of a vague predicate to a 
borderline case does not result in a ‘statement’—where it is implied that 
only statements can figure as premises in logical arguments. 


196 James Cargile 


This is a common doctrine in connection with the law of excluded 
middle. For example, Strawson held that if someone says “The king of 
France is wise’ where there is no king of France, nor even anyone called 
‘king of France’ in jest, then he has not made a statement, true or false, 
even if he was making a serious attempt-at making a statement. And yet’ 
Strawson does not reject the law of excluded middle. It is just that the 
law only applies to statements, and not to the less fortunate sentences 
involved in failure of reference. A similar attitude is common with respect 
to the application of vague predicates to borderline cases. For example, 
it is said of the sentence, ‘Socrates was bald when he drank the hemlock’: 
... if in fact Socrates had an amount and distribution of hair of the sort that 
lies within the vague boundary of application of the term ‘bald’, the sentence 
has no truth-value, known or unknown, and in fact makes no statement, even 
though we may not know that it makes no statement. (Jeffrey (1967) p. 7). 

It seems clear that this quotation is meant to rule the application of a 
vague predicate to a borderline case out of logic, because such an applica- 
tion is held not to yield a true or false statement, and this textbook makes 
no provisions for arguments with premises or conclusion that are neither 
true nor false. The idea, as with Strawson, seems to be that logic is con- 
cerned with uses of sentences that yield statements, and not with less 
fortunate uses. 

I do not think that either failure of reference or application of a vague 
predicate to a borderline case necessarily leads to failure to say something 
true or false. But whether or not this is right is a question which cannot be 
separated from the question as to the truth of the law of excluded middle. 
For this law, like all logical laws, is concerned with whatever can occur 
as premise or conclusion in a logically valid argument. And it is obvious 
that premises with failure of reference or that represent the application. 
of a vague predicate to a borderline case can occur in logically valid 
arguments. For example, the arguments: 

Anyone with less than 500 hairs on his head is bald. Socrates had 
less than 500 hairs-on his head when he drank the hemlock. Therefore, 
Socrates was bald when he drank the hemlock ; 
and 

If there is a Queen of France, then there is a King of France. If 
the Queen of France is happy, then the King of France is wise. 
There is a Queen of France and she is happy. Therefore, the King 
of France is wise ; 


! Strictly speaking, it is the law of bivalence (for every p, p is either true or false) rather 
than the law of excluded middle (for every p, either p or ~p) that is involved here. 
In a technical investigation of the consequences of denying these laws, the distinction 
could be important. But I assume it is not important in this paper. 
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.. are both obviously valid arguments. Both could be seriously put forward 
as part of a seriously held (even if seriously mistaken) position. If their 
conclusions lack truth value, then the law of excluded middle must be 
given up! because this law is about the premises and conclusions of logical 
arguments. . 

To this it may be objected that the laws of logic need not be taken to 
apply to everything that can occur as a premise or conclusion in a valid 
argument. For example, such an argument as ‘I am hungry; therefore, 
I am not satiated in every respect’ might be held to be valid despite the 
fact that the premise is surely not true or false when the ‘T’ is not related 
to any specific person. And yet we equally surely do not wish to consider 
the isolated sentence ‘I am hungry’, a counterexample to the law of ex- 
cluded middle. 

In reply to this it is only necessary to observe that ‘I am hungry there- 
fore, I am not satiated in every respect’ is not, strictly speaking, an argu- 
ment, but is rather a form of words which could be put forward to present 
different (though similar) arguments, varying according to the person 
designated by ‘I’. The intuition of validity is really based on the recogni- 
tion that each of these arguments would be valid. 

Another objection might be that if we rule that the laws of logic must 
apply to all things that can be premises or conclusions in valid arguments 
we will deprive ourselves of one of the commonest ‘solutions’ to the seman- 
tic paradoxes; namely, the one that turns on holding that certain trouble- 
some sentences do not convey statements. Now I confess that preserving 
this ‘solution’ to the paradoxes is of no great concern to me, but at any rate, 
the ‘solution’, such as it is, is not eliminated by the present ruling. For 
someone advocating this solution may not only say that ‘ ““Heterological”’ 
is heterological’ doesn’t convey a statement. He may also deny that such 
an argument as ‘“Heterological” is heterological ; therefore, “'heterological” 
does not apply to itself’ is valid.2 (Whether he will have any good reason 
for denying this is beside the present point.) So our ruling will not require 


1 Subject to the technicalities mentioned in footnote 1, p. 196. 

2 This is not to deny that some philosophers who advocate the view that the paradox 
sentences do not convey statements do so on the grounds that the derivations of contra- 
dictions in which these sentences figure as premises or conclusions are valid! For 
example: 

‘h’ «hm ~(‘h’ eh) might be called ‘a true contradiction’... “The contradiction is 
true’ means: it is proved; derived from the rules for the word ‘h’. Its employment 
is, to show that ‘h’ is one of those words which do not yield a proposition when in- 
serted into ‘ch’. 
Wittgenstein (1956, section V-22, p. 178e.) Presumably, the point of holding that 
‘h’ e h is not a ‘proposition’ is to preserve the laws of logic. Presumably, it is necessary 
to say this, so that it is not being held that ‘the rules for the word “h” ’ are themselves 
contradictory (which would make it unnecessary to say that ‘h’ e h is not a proposition). 
But then, where were the laws of logic when the contradiction was “proved”? 
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him to count the premise or conclusion of the argument as falling under 
the laws of logic. Of course someone else who feels that, regardless of the 
question as to the truth or falsity of the premise, the argument zs clearly 
valid, can then appeal to our ruling as a basis for rejecting the proposed 
‘solution’. But to defend the solution is at least consistent with accepting 
our ruling. 

Since A, B, C, D, and E, and the instances of P(n) where n is a number 
in series S are clearly all things that can figure as premises or conclusions 
in valid deductive arguments (whatever the truth values may be), and 
since E can be derived from A and B from an extremely conservative 
selection of logical laws, it is not possible to retain much general logic 
while asserting A, B, and D. 

However, this does not mean that someone could not maintain all 
the usual laws of logic in restricted versions. One mathematical logician 
I talked with about the Sorites Paradox said simply that he had always 
assumed that logic was concerned only with mathematics. In other words 
the laws of logic are true with respect to arguments in mathematics, but 
are not true with respect to arguments outside this area. 

This attitude might be considered a bit snobbish. Hard-core physical 
scientists might get their vocabularies included in the category to which 
logical laws apply, but biologists, who have occasion to speak of such 
things as tadpoles, would be excluded. Perhaps it would be replied that 
this is just an added incentive to biologists to get their discipline assimi- 
lated to some more precise one. 

The attitude is very similar to Tarski’s famous suggestion that ordin- 
ary language is inconsistent. This suggestion is frequently criticised on 
the grounds that ordinary language is not a system with axioms, rules 
of inference, or theorems, so that it does not make sense to say it is con- 
sistent or inconsistent. But if brought in line with the attitude towards the 
Sorites Paradox we are discussing, these objections would not apply. 
Tarski’s doctrine would then be just that a certain hard core of logical 
laws, plus a theory of truth which must be part of any good theory of 
truth, do not hold for sentences in ordinary language. So if you want to 
work with these principles, the powers of sentence formulation of ordin- 
ary language must be restricted. And while logicians are tightening up 
the formation rules to prevent the formulation of sentences like: 

- F. The sentence labelled ‘F’ in Cargile’s paper on the Sorites Para- 

dox does not convey a true statement ; 
they can also put a stop to sentences using ‘bald’, ‘tadpole’, ‘is able to 
speak English’ and the like. 

This position involves rejecting the laws of logic in their full generality. 
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This might seem to threaten intellectual anarchy, and I used to think 
it did have some such consequence. For how could anyone deny the law 
of noncontradiction, for example? How could he hold that there is some- 
thing which is the case but also is not the case? But it is not necessary to 
do this. Any derivation of any kind of paradox will involve more than one 
crucial logical assumption. So no one need be denied, nor could any one 
such assumption be reasonably denied (in my opinion). But to 
observe that they do not work as a group with respect to some sentences 
is another matter. To make such an observation it is only necessary to 
give up the definition of valid inference in terms of being truth-preserving 
in favour of the more external, ‘syntactic’ definitions of validity favoured 
by nominalists. 

The definition of valid inference in terms of preserving truth from 
premises to conclusion tends to be platonistic. Consider this familiar 
argument for realism. The inference : 

G. All monks are bachelors ; 
Therefore, ö 

H. No monk is married ; 
is valid. Therefore, by the truth-preserving definition of validity, it must 
be logically impossible for the premise to be true and the conclusion false. 
But then the premise and conclusion cannot be the sentences G and H, 
because it is always possible for one of a pair of sentences to be true and 
the other false, no matter what the sentences, because the fact that a 
sentence is true is always in part an empirical fact about the rules govern- 
ing the language in which it is constructed. So something more than senten- 
ces (say, the ‘propositions’ the sentences express) is involved in the validity 
of an inference. 

I do not say this realistic argument cannot be answered without giving 
up the ‘truth-preserving’ definition of validity. But a simpler alternative 
for the nominalist is simply to give up strict implication as a necessary 
condition for validity and rely instead on ‘syntactic’ rules that make 
validity depend on the form of the premises and conclusion, or on the form 
of definitional equivalents (or even just of ‘synonyms’ established by 
some ‘good’ standard of synonomy) of them. 

If this is done, then a paradox can be described as a case where the rules 
for validity give a conclusion which is wrong, either by some intuitive 
standard (as with the Sorites Paradox) or by the rules themselves, as with 
the Liar Paradox. But the rules need not be rejected altogether because 
of this failure. Rather, it may be held just that they do not work for argu- 
ments which have premises or conclusions constructed in certain sorts 
of language. And then pains may be taken to avoid these sorts of language. 
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Ordinary language, which allows these forms of speech will be in just 
this sense inconsistent—not so much in that it disobeys rules of logic as 
that these rules yield bad results when applied to it. 

Personally, I cannot accept this position, but to criticise it adequately 
is at least beyond the scope of the present paper. When the doctrine that 
ordinary language is inconsistent is taken in this way, rather than in the way 
which requires finding a sense in which ordinary language forms a system 
with inconsistent theorems, it becomes a formidable opponent for the 
platonistic view of language for which such an attitude is unacceptable. 

Perhaps this position might even provide a meeting ground for logi- 
cians such as Tarski and those ordinary language philosophers who say 
that ‘ordinary language has no exact logic’, if this latter claim is modified 
so as to include the recognition that there may be a pretty exact logic 
that applies to ordinary language—exact, but not much of a logic. 

There remain two alternatives, which might be called ‘realistic’ and 
‘nominalistic’, respectively. The realistic account is this: It is just true 
that our creature (let us call him ‘Amphibius’) ceases to be a tadpole at 
some instant, and at some (not earlier and probably later) instant, becomes 
a frog. And at some instant, a child acquires the ability to speak English, 
and in general, when a thing changes in time by losing or acquiring a 
property, it loses or acquires it instantaneously. We may not know exactly 
what instant it is and it may be of absolutely no practical significance that 
we do not know, and absurd to make an effort to find out. But still, that 
is how logic requires that change must be, and so it must (logically) be. 

The nominalistic response would say that rather than there being 
some unknown instant at which Amphibius ceases to be a tadpole, it is 
just that, if we are making use of logic, we may be forced to choose some 
instant arbitrarily to be the instant when Amphibius ceases to be a tadpole, 
in much the same way that we may have to assume, in applying the dif- 
ferential calculus to a physical problem, that matter is infinitely divisible. 

This attitude is that in some cases, ‘you have to draw the line somewhere’ 
as university admissions offices say. They do not pretend that an examination 
score of 599 shows less aptitude for university work than a score of 600. 
And they admit that they might find room for the few more students that 
would qualify if the minimum were dropped from 600 to 5gg. It is just 
that they had to draw the line somewhere to prevent serious overcrowding 
and/or unteachable students. 

This may seem a very casual attitude towards a line which logic itself 
requires us to draw, but then logic does leave the crucial question as to 
exactly where the line is to be drawn quite open. If the nominalist were 
got to admit that there are some stages at which it is not merely an arbitrary 
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matter that Amphibius is a tadpole, and were then asked at which instant 
this comes to be an arbitrary matter, he might answer that this is an 
arbitrary matter and that the line might be drawn differently by different 
people. 

Of course the opposition between nominalism and realism here need 
not be absolute. Someone could be a nominalist about the property of 
being a tadpole and a realist about some other property. 

One other response to the Paradox which might be worth mentioning 
is the idea that we should give up saying that Amphibius is, in the first 
picture, a tadpole, and say instead that he is roo per cent tadpole. Then 
we will be able to make the changes in percentages just as small as the 
changes in Amphibius. He can ‘drop’ from 87.081289 per cent to 87.081288 
per cent tadpole, and so on. But the fact remains that he must eventually 

“reach o-o per cent and there must be some exact first picture where this 
is so. And that this final disappearance of tadpoleness from Amphibius 
takes place at an instant is just as surprising, and the determination of this 
instant is just as mysterious, as in the case of the property of being a tad- 
pole. 

However, this attitude might be extended to a preference for properties 
which, unlike that of being a tadpole, or being able to speak English, 
are such that we are able, at least if we bother to pay close attention, to 
precisely place the time of their arrival or departure. Thus we could describe 
‘Amphibius in his change from his first picture to the last in the series, 
not in terms of ‘tadpole’ and ‘frog’, but descriptions for which we could 
always cite the precise first (or last) picture to which they applied. 

This would only avoid the paradox if such preferences were made 
a basis for dropping predicates like ‘is a tadpole’ or ‘is able to speak Eng- 
lish’ altogether, at least in contexts where logical precision is maintained. 
This would fit the attitude already discussed, of holding that the laws 
of logic only apply to language more restrictive than ordinary language. 
But it is a great deal of trouble just to avoid such a harmless assumption 
as our realism. 

Finally, it may be said that our realism is not so harmless, because it 
involves denying, for example, that it takes time to acquire the ability 
to speak English, or to become a frog, and this is utterly absurd. 

To this I reply that the realist point need not be put in these terms, 
and is only put in these terms because they can be understood in the neces- 
sary way. What is essential is that there will be one instant when Amphibius 
is a frog, such that, an instant before, he was not. And there will be one 
instant when a person does have the ability to speak English, such that, 
an instant before, he did not. It is not being denied that, for the young 
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tadpole, Amphibius, it will be a long time until he is a frog, or that, for 
the baby, it will be a long time until he is able to speak English. Learning 
and growing can take lots of time. But acquiring properties does not. 
It is like reaching the top of a mountain. We can say that it took five 
hours to reach the top. And yet we can-also say that at the end of four 
hours and 59 minutes of climbing we had not yet reached the top, and at 
the end of five hours, we had. 

University of Virginia 
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Can an Infinitude of Operations be 
performed in a Finite Time? 


by ADOLF GRUNBAUM 


In his book Philosophy of Mathematics and Natural Science, the renowned 
mathematical physicist Hermann Weyl raised the following question: 
Is it kinematically feasible that a machine carry out an infinite sequence of 
distinct operations in a finite time? And he gave a conditional answer to 
it as follows: If a machine obeying the principles of classical kinematics 
cannot carry out a denumerable infinity of operations in a finite time, 
then the received interpretation of the classical mathematical theory of 
motion is beset by one of Zeno’s kinematical paradoxes. Thus, Weyl 
refers to Achilles’ task of traversing a unit space interval by successively 
traversing the infinite series of decreasing subintervals of lengths 


I 
la Rd...) 


And Weyl writes (p. 42): 


The remark that the successive partial sums . . . of the series . . . do not increase 
beyond all bounds but converge to 1, by which one nowadays thinks to dispose 
of the paradox, is certainly relevant and elucidating. Yet, if the segment of length 
ı really consists of infinitely many sub-segments of lengths 1/2, 1/4, 1/8,..., 
as of ‘chopped-off’ wholes, then it is incompatible with the character of the 
infinite as the ‘incompletable’ that Achilles should have been able to traverse 
them all. If one admits this possibility, then there is no reason why a machine 
should not be capable of completing an infinite sequence of distinct acts of de- 
cision within a finite amount of time; say, by supplying the first result after 1/2 
minute, the second after another 1/4 minute, the third 1/8 minute later than the 
second, etc. In this way it would be possible, provided the receptive power of 
the brain would function similarly, to achieve a traversal of all natural numbers 
and thereby a sure yes-or-no decision regarding any existential question about 
natural numbers! 


Weyl’s contention has generated a literature alleging the kinematic 
absurdity of hypothetical machines which are presumed to be capable 
of carrying out an infinite sequence of operations in a finite time. Here- 
after I shall often speak of N, operations instead of saying ‘an infinite 
Received 23 October 1968. This paper was presented as a Monday Lecture at the Univer- 
sity of Chicago in April 1968 and will appear later in a collection of Monday Lectures 


to be published by the University of Chicago Press. It appears here by permission of the 
University of Chicago. 
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sequence of operations’. These so-called ‘infinity machines’ have included 
a device that would print all of the digits of an infinite decimal on a finite 
strip of paper, a machine that would recite the names of all the natural 
numbers in a suitable code, a lamp that would be switched on and off X, 
times, and a device that would transfer a marble back and forth N, 
times. 

Charges of paradox have been levelled against infinity machines by such 
various authors as G. J. Whitrow, M. Black, C. S. Chihara, and J. F. 
Thomson.! Their allegations of absurdity pertain to the distinctively 
kinematical aspects of the X, operations which are to be executed. Hence 
the physiological, chemical, electrical or other feasibility of the N, op- 
erations will not be at issue, unless it has a bearing on the assessment of 
their kinematic possibility. But if there are physiological, electrical or 
other non-kinematic grounds for deeming the infinity machines to be 
physically or technically impossible, is it then not an idle exercise to 
inquire whether they are kinematically paradoxical? I think not. Of course, 
I grant instantly that such an inquiry may not be productive for engineer- 
ing. But I hope to show that it is indeed illuminating with respect to the 
kinematical component of the class of physical theories which assert the 
mathematical continuity of space and time, as relativity theory does, for 
example. Even standard quantum theory employs continuous space and 
time variables, although it has, of course, repudiated the well-defined 
particle trajectories of Newtonian and relativistic mechanics. 

In this paper, I shall offer an affirmative though multiply qualified 
answer to Weyl’s question concerning the performability of X, operations 
in a finite time. But I shall endeavour to show that Weyl’s own mildly 
conditional affirmative answer is too strong, viz. his claim that if the unit 
interval traversed by Achilles in unit time ‘really consists’ of N, geometric- 
ally decreasing subintervals, then a machine must be able to complete 
an infinite sequence of ‘distinct acts of decision’ (e.g. calculations). 

It will turn out that the fundamental kinematic issues posed by Weyl’s 
contention can be confronted by comparing the motion of Achilles, who 
runs continuously at an average unit velocity, with the motion of another 
runner who is presumed to traverse the same unit space interval in the 
same unit time but runs intermittently as follows: he interrupts his motion 
by N, pauses of rest whose successive durations have the following 
geometrically decreasing magnitudes: 

» $ h» J o: 2 
and so on ad infinitum. Thus, the latter intermittent motion, which I shall 


1 For details, see my (1968) Modern Science and Zeno’s Paradoxes, ch. II, $ 4, and my 
(1968a, p. 396). 
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call the ‘staccato’ run, will serve as our prototype of the X, operations 
which are to be executed by the infinity machines in a finite time. 

Preparatory to inquiring whether the staccato run is beset by kinematic ab- 
surdities, I must explain in detail my reasons for denying Zeno’s charge of 
paradox against the mathematical description of Achilles’ uninterrupted 
motion through a unit space interval. I shall refer to Achilles’ smooth run 
as the ‘legato’ motion in order to distinguish it from the intermittent 
motion of his staccato running mate. And for our entirely non-historical 
purposes, I take Zeno’s challenge to be the following: Kinematic theory 
tells us convincingly enough that a legato runner moving with average 
unit velocity can traverse a unit space interval in unit time. But, this 
theory also asserts that Achilles’ legato run involves, among other things, 
an infinite sequence of submotions through a progression of non-over- 
lapping spatial subintervals of respective lengths $, }, $, ..., and so on. 
It is true that the successive durations of these submotions can be such as to 
form a series which suitably converges to zero. Nonetheless, Zeno con- 
tinues, the legato motion cannot be completed in a finite time, since the 
theory tells us that the elapsing of a unit time interval involves the suc- 
cessive elapsing of an endless progression of subintervals. And he contends 
that kinematics thereby contradicts itself, because its unending sequences 
of submotions render the completion of any motion temporally unintelli- 
gible. 


THE LEGATO RUN 


In honour of Zeno, let us apply the name ‘Z-sequence’ to an infinite 
progression of intervals of space or time whose successive magnitudes are 
4, 4,4, . . „ and so on. For the sake of arithmetic simplicity, I shall follow 
Zeno’s procedure and assume that the successive durations of the legato 
runner’s submotions form a Z-sequence just as the subintervals of space 
which are covered by these submotions. Thus, it is being assumed that the 
legato runner’s average velocity is unity in each of the X, subintervals 
traversed by him up to the terminal instant of his motion. But we shall 
see later in our discussion of the staccato run that this constancy of the 
average velocity makes for a kinematically dubious discontinuity in the 
velocity function at the terminal instant. Fortunately, the legato runner can 
alternatively be assumed to run such that his velocity function yields average 
velocities in the subintervals that converge to zero at the terminal instant. 
But let us disregard this arithmetically more complicated legato motion 
until we discuss the staccato run. And let us furthermore adopt the termin- 
ology used by Vlastos (1966, p. 95) and refer to the traversal of any of the 
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spatial subintervals of our Z-sequence as ‘making a Z-run’. Vlastos notes 
that as commonly used, the term ‘run’ individuates uniquely the physical 
action to which it applies, much as ‘heart-beat’ does. And he points out 
that in this sense of ‘run’, the runner’s legato traversal of the Z-sequence 
could only be described as a single run and not as having involved a 
denumerable infinity of ‘Z-runs’. But clearly, in order to traverse the unit 
interval in one smooth and uninterrupted ‘run’ in the ordinary sense, the 
runner must—among other things—traverse all the members of the Z- 
sequence and, in the latter sense, make N, Z-‘runs’. To distinguish 
between these two quite different uses of the noun ‘run’, Vlastos writes 
‘run,’ for the single motion which we can perceive with our unaided 
senses in daily life contexts, and ‘run,’ for the kind relevant to the Z- 
sequence of kinematics. 

Human awareness of time exhibits a positive threshold or minimum. 
This fact can now be seen to have a consequence of fundamental relevance 
to the appraisal of Zeno’s argument. For it entails that none of the in- 
finitely many temporal subintervals in the progression whose magnitude 
is less than the human minimum perceptibilium can be individually ex- 
perienced as elapsing in a way that does metrical justice to its actual lesser 
duration. To succeed, the attempted individual contemplation of all the 
subintervals would require a denumerable infinity of mental acts, each 
of which requires or exceeds a positive minimum duration. Thus, we do 
not experience these subintervals individually as elapsing in a metrically 
faithful way. Instead, we gain our metrical impression of duration in this 
context from the time needed by our mental acts of contemplation and not 
from the respective duration numbers which we associate intellectually with 
the contemplated subintervals when performing these mental acts. And the 
resulting compelling feeling that an infinite time is actually needed to 
accomplish the traversal in turn insinuates the deducibility of this para- 
doxical result from the theory of motion. Specifically, the existence of a 
duration-threshold of time awareness guarantees that there is a Positive 
lower bound on the duration of any rung. And this fact enters into several 
of the following fallacies here committed by Zeno in his so-called - 
Dichotomy paradox: 

(1) Zeno’s claim that the progression of Z-runs, requires an infinite 
future time is made plausible by a tacit appeal to our awareness that N, 
runs, would indeed last forever, because there is a positive lower bound on 
the duration of any rung. The threshold governing our acts of awareness 
likewise induces the feeling that after the first instant of the motion, a 
unique next event must happen in the motion and that there must bea 
unique next-to-the-last event that happens before the final instant of the 
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motion, if there is to be a final instant at all. But since the successive sub- 
intervals converge to zero by decreasing geometrically, the threshold- 
governed one-by-one contemplation which Zeno invites cannot be metric- 
ally faithful to the actual physical durations of the contemplated sub- 
intervals. And our intuitive time awareness rightly boggles at experiencing 
each of N, subintervals of time as elapsing individually. But, justified 
though it is, Zeno illicitly trades on this boggling. For it cannot detract 
from the following crucial fact: any and every one of the N, temporal 
subintervals of the motion is over by the end of one unit of time. To see 
this, note that for every n, the sum of the first n terms of the geometric 
series of duration numbers 
I 
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is given by a total duration less than 1, namely by the sum 
Sa = 1—(4)" (n = 1, 2, 3,--.-). 

And note further that here I have invoked the undisputed fact that the 
clock measures of time intervals are finitely additive to claim that one 
unit of time is the least upper bound on the total duration of all the N, 
subintervals of the motion. It follows that both distributively and collect- 
ively all N, temporal subintervals of the motion elapse within one unit 
of time. The justification for this conclusion becomes further apparent 
upon becoming cognisant of the next error, by which Zeno buttresses 
his conclusion that the runner would never reach his destination. 

(2) With respect to the relation of temporal precedence, the set com- 
prising the temporal subintervals of the progression and the instant of the 
runner’s arrival at his destination has the form of an infinite progression 
followed by a last element. And this ordered set is said to be of ordinal 
type w-+1. Furthermore, the instant of the runner’s arrival at his destin- 
ation point ı does not belong to any of the temporal subintervals of the 
progression. Thus, the closed time interval required by the runner’s 
completed motion consists of all the instants belonging to any of the sub- 
intervals of the progression and of the instant of arrival at the point 1. By 
failing to include the instant of arrival, the membership of the subintervals 
of the progression fails to exhaust the entire membership of the closed time 
interval required by the completed motion. Indeed, the union of the sub- 
intervals of the progression constitutes a half-open time interval precisely 
because it fails to include the terminal instant of the motion. 

Zeno illicitly exploits the fact that it is logically impossible for the 
terminal instant of the motion to belong to any of the subintervals of the 
unending progression, since it is later than all of them. Zeno appeals to 
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this fact to infer wrongly that there cannot be any terminal instant at which 
the runner reaches his destination. Once we have become victimised by our 
threshold of time awareness, we are set up to commit this otherwise 
transparent fallacy. In this way, Zeno seeks to lend further credence to his 
claim that the union of the subintervals of the progression is of infinite 
duration. But what can be deduced from the logical impossibility of finding 
the terminal instant in any of the subintervals forming the unending 
progression? The failure of the terminal instant to belong to the union of 
the N, subintervals amounts to no more than that this instant is not to 
be found in the half-open time interval which has been left half-open by 
excluding the terminal instant; the half-openness of the resulting time 
interval does not show that the union of the temporal subintervals must 
be of infinite duration just because that union has no terminal instant, 
and just because the infinite progression of subintervals has no last member. 
For the terminal instant is the earltest instant following every instant 
belonging to any subinterval of the unending progression, while the dura- 
tions of these subintervals suitably converge to zero. The non-existence 
in the progression of a last subinterval during which the motion would 
be completed does not preclude the existence of an instant later than all the 
subintervals which is the last instant of the motion. 

In the case of Zeno’s arithmetically simple example, this state of affairs 
expresses itself arithmetically in the following compound way: 

(x1) If the runner departs at t = o, then corresponding to the non- 
existence of a last temporal subinterval of the motion in the progression, 
the respective times by which he has traversed the successive subintervals 
of the Z-sequence are given by the infinite sequence 
2"—I 

zu 





A (n = I, 2, 3...) 


(2) Although the number 1 is not a member of this infinite sequence of 
time numbers, the arithmetic limit of this infinite sequence on the number 
axis is constituted by the number 1, which is the time coordinate of the 
last instant of the motion and represents the total duration of the union of 
the subintervals belonging to the progression. 

(3) The runner traverses ever shorter subintervals of the unit race 
course in proportionately ever shorter subintervals of time, thereby 
travelling at constant average speed. 

What then are we to think of the charge that the arithmetic theory of 
limits has been lifted uncritically out of the context of its legitimate 
application to physical space and adduced irrelevantly in an effort to 
refute Zeno’s allegations of temporal paradox? We saw that the mathe- 
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matical apparatus of the theory of limits is ordinally and metrically no 
less appropriate to physical time than it is to physical space. Note that I 
have not invoked the arithmetic theory of limits as such to dismiss the 
allegation that kinematical theory entails temporal paradoxes. Instead, 
my contention has been that we are justified by the ordinal and metrical 
structure of physical time in applying that arithmetical theory and that 
Zeno’s specific deductions of metrical contradictions in the Dichotomy 
paradox are each vitiated by fallacies which I am engaged in pointing 
out.! 

The highly misleading role played by Zeno’s one-by-one contemplation 
of the members of his progression becomes conspicuous upon noting the 
following fact: It would even take us forever to contemplate one-by-one the 
progression of DURATIONLESS instants which divide one temporal subinterval 
from the next, and yet the durational measure of this progression of instants 
ts ZERO within standard physical theory! By the same token, the fact that 
our contemplation of the N, subintervals would last forever is not a basis 
for concluding that the union of the progression of them would be of 
infinite duration. In summary, Zeno would have us infer that the runner 
can never reach his destination, just because (1) in a finite time, we could 
not possibly contemplate one by one all the subintervals of the progression, 
and (2) for purely logical reasons, we could not possibly find the terminal 
instant of the motion in any of the N, subintervals of the progression, 
since the terminal instant is nota member of any of them. But it is altogether 
fallacious to infer Zeno’s conclusion of infinite duration from these two 
premises. 

The recent literature on Zeno continues to provide illustrations of the 
intellectual havoc resulting from an irrelevant though tacit appeal to the 
fact that there is a positive lower bound on the duration of any single 
mental act of ours such as conscious counting. Thus, G. J. Whitrow seems 
to have engaged in precisely such an unwitting appeal in his endeavour 
to show that the mathematical continuity which we attribute to finite 
intervals of space cannot similarly be attributed to physical time without 
thereby generating logical antinomies. After stating that ‘We must not 
assume that... in time, any infinite sequence of operations can be per- 
formed’ Whitrow (1961, p. 148) considers the consequences of assuming 
that our legato runner passes through the entire progression of positions 
envisaged by Zeno as the respective termini of his subintervals. Whitrow 
1In the wake of Zeno, A. N. Whitehead, W. James and others have claimed that the 

elements of time must succeed one another discretely and hence cannot intelligibly 
possess the denseness property of the linear mathematical continuum, which i 


that between any two instants, there exists at least one other. I must refer to my (1968) 
chap. II, § 2, B and C for a statement of my reasons for rejecting this contention. 
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invites us to assume that in so doing, the runner would number all these 
positions consecutively and concludes that then the runner’s task would 
involve exhausting ‘the infinite set of positive integers by counting’. Thus 
Whitrow conjures up the image of conscious counting in a manner akin to 
Zeno’s illicit appeal to the eternity of one-by-one contemplation in the 
Dichotomy. But it is wrong to identify the metrical features of the process 
of conscious counting (say, in English) with those of traversing Zeno’s pro- 
gression of points in a finite interval. For we must not allow our human 
psycho-neurophysiology of time awareness to intrude itself and to victimise 
us in this mathematically most misleading way. 

We recall that Zeno’s legato runner requires 4 unit of time to traverse 
the first $ of the unit space interval, 4 unit of time to traverse the next $ of 
the distance, $ unit of time for the next $ of the distance, and so on. 
Let us now examine the different motion of the staccato runner, who 
departs simultaneously and runs on an equal and parallel race track. 

Our description of the staccato run so far did not specify the magnitudes 
of the successive distances traversed by the staccato runner during the 
times allotted to his intermittent runs. For the sake of arithmetic simplicity, 
I shall first treat the staccato run by taking the successive distances to be 
proportional to the times of the intermittent runs by a factor of 2. Thus 
all N, intermittent motions of the staccato runner are first assumed to 
proceed at the same average velocity. But our assessment of the kinematic 
feasibility of the staccato run will not be made to rest on the arithmetically 
simple case of constant average velocity, any more than in the case of the 
legato run. For we shall see that this simple case involves the following 
kinematically problematic feature: at the terminal instant of the runner’s 
arrival at his final destination, his velocity exhibits a finite discontinuity. 
Hence after having treated this arithmetically simple case, I shall be 
concerned to note that alternatively, the intermittent runs of the staccato 
runner no less than the uninterrupted sequence of legato runs could 
demonstrably proceed at suitably decreasing average velocities so as not 
to exhibit any kind of discontinuity. In this way, the staccato run will turn 
out to be just as unproblematic kinematically as the legato run. 

Having entered this caution, I shall first confine my attention entirely to 
the arithmetically simple case. 


1 In here using everyday words such as doing and things in technical contexts, we are fully 
alerted against such confusions as misidentifying a run, as a run, no less than when we 
use technical terms such as work and energy in physics. We need to use language to 
describe the physical process constituting the legato runner’s traversal of the total 
interval. And in determining whether this process can occur in a finite time, as described, 
we need to heed the commitments of ordinary language only to the extent of guarding 
against being victimised or stultified by them. 


Can an Infinitude of Operations be performed in a Finite Time? 211 


THE STACCATO RUN 


By contrast to the legato runner, his staccato mate is required to traverse 
each subinterval of the Z-sequence in half the time needed by the legato 
runner and then to wait for the latter to catch up with him before traversing 
the next Z-interval. Specifically, the staccato runner takes + of a unit of 
time to traverse the first Z-interval of length 4 and rests for an equal amount 
of time; then he takes 4 of a unit of time to traverse the second Z-interval 
of length + and rests for an equal amount of time, and so on ad infinitum. 
Thus, the staccato runner interrupts his motion by N, pauses of rest whose 
successive durations are 


eo Cee ae 
43 83 163 323° + 


And he suspends his motion at each of his Z-stops just long enough to 
enable his legato colleague Achilles to catch up with him. It might appear 
quite legitimate to require the staccato runner to plant a flag at each of his 
Z-stops while he pauses at them and awaits his friend Achilles. Indeed, 
even the legato runner Achilles has been called upon in the literature to 
engage in flag-planting at each of the progression of points terminating 
the subintervals of the Z-sequence on his track. This demand has been 
addressed to the legato runner on Zeno’s behalf in the recent literature, 
notwithstanding the fact that Achilles spends only a mathematical instant 
of zero duration at each of the specified space points while running un- 
interruptedly. 

But if the staccato runner is to carry out the N, operations of starting 
and stopping during a finite time, kinematic theory will not allow him to 
carry out the X, operations of planting a flag at each of the designated 
Z-stops. To see this, note first that the erection of a flag at each of the N, 
Z-stops would presumably require the staccato runner to translate his 
own limbs and rotate the flag each time into the vertical direction through 
a minimum positive distance, however small. And in that case, the staccato 
runner would have to perform N, upward (or downward) equal minimal 
spatial displacements during ever shorter times at boundlessly increasing 
average velocities. Thus, he would have to effect a spatially infinite total 
displacement of his own limbs and of the flags during a finite time in the 
following manner: The successive maximum vertical velocities of his limbs 
required to erect the flags consecutively in ever shorter times would 
increase boundlessly with time up to the instant t = 1 at which he comes to 
rest at his destination, since the successive average velocities would have 
to increase boundlessly. But such a motion has two kinematically ob- 
jectionable features: (a) at the instant £ = 1 of arrival at the destination 
point P, the motion of his hands violates the requirement that the 
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position of a body be a continuous function of the time, since the vertical 
position of a point on either hand does not approach any limit as? > 1, 
and (b) at the terminal instant ¢ = 1, the fluctuating velocity function of his 
hands has an instant of infinite discontinuity, since that velocity function 
is unbounded in every earlier neighbourhood of the terminal instant. 

By contrast, if he is not required to plant any flags, then at t = 1, the 
(vertical and horizontal) position of a point on the staccato runner’s hands 
or feet is a continuous function of time, and his horizontal velocity will 
fluctuate only between o and some fixed finite maximum value so as to 
yield an average 2 units for his intermittent horizontal motions. But since 
this average horizontal velocity maintains the same positive value up to the 
terminal instant of rest, the successive peak velocities cannot fall below this 
positive value and cannot converge to zero. Hence in this arithmetically 
simple example, the continuity of the horizontal position at the terminal 
instant t = 1 obtains alongside the following discontinuity: the horizontal 
velocity function exhibits an instant of finite discontinuity at £ = 1, just 
as the graph of a step function has points of finite discontinuity. Moreover, 
since there is a minimum velocity change (from zero to the average) 
during each of the X, ever shorter time intervals, the horizontal acceler- 
ations increase (and decrease) boundlessly as t->1, and the acceleration 
function has an instant of infinite discontinuity at the terminal instant of 
rest-and-zero-acceleration. 

Thus, we see that the requirement to plant a flag N, times at the Z- 
stops calls for a kinematically forbidden discontinuity in the vertical 
position along with an infinite discontinuity in the vertical velocity. On 
the other hand, the execution of the X, start-and-stop operations of the 
staccato run without flag-planting requires no discontinuity in the position. 
But if we demand that all the staccato motions proceed at the same average 
velocity, then this run involves a finite discontinuity in the horizontal 
velocity along with an infinity discontinuity in the horizontal acceleration. 

It is clear, therefore, that the flag-planting is ruled out kinematically. 
But in view of the remaining discontinuities in the horizontal velocity and 
acceleration, our arithmetically simple kind of staccato and legato runs 
may well be kinematically problematic. As far as I know, books on 
classical or pre-quantum mechanics do not spell out whether motions 
involving these particular discontinuities are kinematically possible or not. 

If the specified discontinuities in the horizontal velocity and acceleration 
are not impermissible, then it can now be shown to follow that the arith- 
metically simple staccato run is no less feasible kinematically than the 
corresponding legato motion. And in that case, the arithmetically simple 
staccato run can be consummated simultaneously with the legato run. 
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To see this, note that in the arithmetically simple case, the staccato 
runner at no time lags behind his legato colleague during the closed unit 
interval but is either ahead of him or abreast of him. While running within 
each of the Z-intervals, the staccato runner’s average velocity is twice that 
of his legato colleague, but his overall average velocity for the total interval 
is equal to his colleague’s velocity and is less than the velocity of light in 
vacuo, And if the aforementioned finite discontinuity in the horizontal 
velocity of the runners at ¢ = 1 is not kinematically impermissible, then we 
can conclude the following: if the legato runner reaches his destination 
in ı unit of time after traversing the Z-sequence, then so also does the 
staccato runner. 

There may, of course, be specifically dynamical—as distinct from 
kinematical—difficulties in effecting the infinitude of horizontal acceler- 
ations and decelerations required by the staccato runner’s alternate 
starting and stopping. Indeed, calculation shows (cf. my 1968a, p. 401) that 
the total energy (work) expended by that runner in imparting the same’ 
average velocity to his body X, times is infinite. Thus, the runner would 
have required an infinite store of energy when he set out on his run. 
For he sustains N, uncompensated losses of kinetic energy in the deceler- 
ations, and the total magnitude of these losses is infinite. The availability 
of an infinite amount of energy is a matter of the de facto dynamical bound- 
ary conditions of the world, or at least, not a matter of kinematical law. 

Fortunately, as Richard Friedberg has pointed out,! the intermittent runs 
no less than the uninterrupted sequence of legato runs can each proceed at 
suitably decreasing average velocities such that each runner’s velocity, 
acceleration (and all of the higher time-derivatives as well) vary contin- 
uously throughout the closed unit time interval during which he traverses 
a unit distance. Thus, Friedberg’s version of the legato and staccato runs 
obviates all of the kinematically and dynamically problematic features of the 
arithmetically simple example. In particular, the successive peak velocities 
and accelerations attained by Friedberg’s staccato runner during the de- 
creasing subintervals converge to zero as we approach the terminal instant.* 


1 Private communication from Professor Richard Friedberg of the Department of Physics 
at Columbia University. 
n= 
3 More specifically, let K = y e-"*, which equals about 1-38. Then Richard Friedberg’s 
nmo 
-n 


: A e 
X, intermittent runs cover the successive distances K (n=1,2,3,...). He lets 


g(x) = 67 82 for o<x <I 


and ` 
g(x) =o for x> 1 and x<o. 


And he notes that the function g and all of its derivatives are continuous for all real 
values of x. [footnotes continued on p. 214 
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In the case of Friedberg’s legato and staccato runs, we can therefore con- 
clude without qualification that the staccato run is no less feasible kine- 
matically than the legato motion and that both are indeed kinematically 
possible. 

This conclusion has the following important consequences: Given 
that the pauses separating the individual traversals carried out by the 
staccato runner form a geometric progression whose terms converge to 
zero, it is immaterial to the traversibility of the total unit interval in a 
finite time that the process of traversal consists of N, motions separated 
by pauses of rest (as in the staccato run) instead of being one uninterrupted 
motion which can be analysed into an infinite number of submotions (as 
in the legato run). And if we wish to call the staccato runner’s execution of 
the N, separate motions ‘doing infinitely many things,’ then his perform- 
ance shows that infinitely many things can be done in a finite time. Of 
course, if the pauses between the individual traversals of the staccato run 
were all equal, then this run could not be carried out in a finite time, no 
matter how small each of the equal pauses might be. 

In view of the thresholds which govern the physiological reaction times 
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he lets the legato runner have a velocity 
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It is then obvious that the distance | vdt covered by the legato runner during the unit 
o 


time interval is one unit. 
Friedberg requires the staccato runner to run at the velocity 
n=O 
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which has the following properties: (a) all of the infinitely many terms of this sum vanish 
during all those time intervals when the staccato runner is required to rest, and (b) during 
the time of the nth intermittent run (beginning with n = o), the positive velocity function 
ts is given entirely by the nth term, since all the other terms of the sum from n = o to 
n = œ vanish for that time interval. ` 

The minimum value 1 of csc*mx is yielded by x = $, so that the maximum value of 
g(x) is given by g(4), which is 1/e. Since the maximum value g(4) corresponds to the temporal 
midpoint of the nth intermittent run, the peak value P, of v, during the nth intermittent 
run occurs at its temporal midpoint. Hence Friedberg concludes that in the case of the 
velocity function us, the successive peaks in the intermittent runs (beginning with n = o} 


Us 


I 

are P,=2"+3/Kele™ and converge to zero, And he shows that the distance | v,dt tra- 
fe] 

versed by the staccato runner during the unit time interval is likewise 1. The staccato runner 


moves and rests intermittently for the required geometrically ‘decreasing times. But he 
gets ahead of the legato runner, who first catches up with him at t = 1, though Friedberg 
notes that the use of a more complicated formula would allow the legato runner to catch 
up as well at the earlier times 4, }, ..., as in the simplest example. 
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of the staccato runner and his times of conscious execution of a set of in- 
structions, it is clear that this runner cannot be ‘programmed’ to perform 
the staccato run in accord with the required metrical specifications, when 
the times during which he is to run or rest become small enough to fall 
below his thresholds. But this fact does not vitiate my contention that, in 
principle, kinematically the staccato run as described is physically possible. 
For kinematic theory allows us to assume that a body’s separate motions 
have the prescribed metrical properties. 

In claiming to have shown that the staccato run is kinematically feasible, 
I have, of course, not offered a formal consistency proof of kinematic 
theory as supplemented by the description of the staccato run. It seems to 
me that instead, we can reasonably be content with the following kind of 
‘proof’ that the staccato run is kinematically possible: A demonstration 
that the alleged deducibility of the paradoxical infinite duration is unfounded 
and that, given the kinematical principles of the theory along with the 
boundary conditions, the theory entails the finitude of the total duration 
of the staccato run. 

We have been mindful of ruling out any flag planting or other marking 
processes that would require any discontinuous change in any of the three 
position coordinates of the staccato runner’s limbs. But the staccato 
runner can be held to have ‘marked’ each one of a progression of space 
points by the act of stopping at each one for the prescribed length of time. 
If I may presume that this waiting at the stops qualifies as ‘marking’ 
them, then the staccato runner’s total motion constitutes an important 
counter-example to one of the theses recently put forward by C. S. 
Chihara as part of his critical response to Weyl’s comparison of the Z-run 
with the performance of an infinity machine. Chihara believes that for 
logical reasons the difference between Achilles’ mere legato traversal of 
the interval and a runner’s marking all the end points of the subintervals 
in the course of his journey makes for the difference between complet- 
ability in a finite time and requiring an infinite time. He says: 


. .. to give a more intuitive characterization of the difference between Achilles’ 
journey and Achilles’ task of marking the end points, in the former case we 
start with the task and analyze it into an infinite sequence of stages, whereas 
in the latter case we start with the stages and define the task as that of completing 
the infinite sequence of stages. To complete the journey, one must simply 
perform a task which can be analyzed ad infinitum, but to complete the task 
of marking all the end points, one must really do an infinite number of things 
(Chihara (1965) p. 86). 


But as we saw, the staccato runner does ‘really do an infinite number of 
things’ in what is kinematically a demonstrably finite time. It would 
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appear that here Chihara has misdiagnosed the source of the difference 
between completability in a finite time and requiring an infinite time. 
The staccato run is not one uninterrupted motion which can be merely 
analysed into a particular infinite set of submotions, as in the case of the 
legato run. Instead it consists of N, motions separated by pauses of rest. 
And yet kinematically it is physically possible to complete it in a finite 
time in the context of classical physics. 

We had to rule out the successive planting of X, flags by the staccato 
runner as kinematically impossible, because it would involve a discontinuity 
in the position function. It turns out that in the case of all the other 
infinity machines mentioned at the outset, we must likewise predicate the 
assertion of their kinematic possibility on their at least not involving an 
illicit discontinuity in the position function. Let me merely illustrate 
the need for such a restriction by reference to the hypothetical machine 
that would print all of the digits of an infinite decimal such as the infinite 
decimal representation of the real number r. 

If this machine is to achieve the printing of all the digits of ~ in a finite 
time, then the heights from which the press descends to the paper to 
print the successive digits may not be equal but must form a suitably 
decreasing series converging to zero. By means of this restriction, we can 
assure that the spatial magnitude of the successive tasks does not remain 
the same while the time available for performing them decreases toward 
zero. In this way, the kinematic demands made on the m-machine become 
more like those made on the staccato runner. My reason for requiring the 
heights of descent to converge to zero in a suitable fashion becomes 
apparent upon recalling the analysis I gave of the flag planting in the case 
of the staccato runner. If the heights of descent did not suitably converge 
to zero, the successive velocities of the press required for the printing 
would soon exceed the velocity of light in contravention of the special 
theory of relativity and would vary with time in a manner that is kine- 
matically objectionable even in the context of the Newtonian theory. 
And the position function of the printing press would be discontinuous at 
the terminal instant. Here, no less than in the case of the staccato runner, 
I ignore the dynamical problems of programming the »-machine so that 
the successive spatially and temporally shorter descents of the press can 
be triggered as required. And I also disregard here whether an infinite 
time might not be required for the more complicated process by which the 
progression of digits might first have been computed seriatim, not to speak 
of the process of inserting into the printing press all the characters which 
are to print the digits. 

Incidentally, I require that the widths of the successive numerals to be 
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printed converge to zero in such a way that all the X, digits can be printed 
in a horizontal line on a finite strip of paper. In laying down this require- 
ment, I blithely ignore as kinematically irrelevant the blurring of the 
digits on the paper through smudging of the ink when their widths become 
sufficiently small, not to speak of the need for ink droplets of width 
dimensions below those of an electron! Thus, this particular example of 
the printing press does ignore the atomic constitution of matter. 

Given my requirement concerning the widths of the successive digits, 
the spatial array of the N, digits no more requires an infinite space than 
the unending progression of Z-intervals which collectively fit into the space 
of a finite unit interval: As long as the sequence 3.1415926535 .... is 
printed so that the successive widths of the digits converge to zero in the 
manner of Z-intervals, the question “What does this array look like at the 
right end?’ receives the same kind of answer as the corresponding question 
about the progression of Z-intervals. We must not make the misguided 
attempt to form a visual picture of the open end of a finite, half-open 
space interval, and we are aware that the metrically finite union of the Z- 
intervals is open at the right ‘end’ as is the total space interval formed by the 
progression of horizontally shrinking digits. Although we cannot visually 
picture the non-existence of a last digit or Z-interval, our very characterisa- 
tion of the openness of the right end shows that we clearly understand in 
ordinal terms ‘what that end looks like’. Just as the interval constituted by the 
union of the Z-intervals can be closed at the right end by the addition of 
a rightmost (last) point, so also, of course, can the interval formed by the 
horizontal cross section of the unending -sequence. 

In conclusion, let me emphasise that I gave reasons for doubly qualifying 
my assertion of the kinematic feasibility of X, distinct operations in a 
finite time. First, I made my assertion contingent on the restriction that 
the spatial magnitude of the successive tasks suitably converge to zero. 
For example, a convergence to zero in the form of the divergent harmonic 


A I 5 tse 
series © (n = 1, 2, 3, 4,-..) would not do. For the successive velocities 


required to traverse the distances given by this divergent series would 
increase boundlessly, and thus the velocity would exhibit an infinite 
discontinuity at the terminal instant of the unit time interval. Moreover, 
the velocity and acceleration may exhibit other discontinuities which are 
kinematically problematic, unless the velocity function meets the very 
stringent continuity requirements satisfied by Friedberg’s particular 
staccato run. Weyl did not show that the operation of a machine which 
calculates rather than merely prints seriatim the digits of can, in principle, 
avoid these various discontinuities. Hence it would seem that the following 
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Goodman’s Theory of Projection 
by PAUL TELLER 


In the last chapter of Fact, Fiction, and Forecast (1965), Nelson Goodman 
sketches his suggestion for a new approach to confirmation theory. His 
proposal is often mentioned but usually discussed only in brief.! Many 
people seem ready to dismiss it, yet it has not really been assigned to the 
volumes of mistakes committed by famous philosophers; nor has anyone 
found it promising enough to take as the basis of further investigation. 
This paper will undertake the task, made tractable by hindsight over a 
fifteen-year period, of evaluating Goodman’s theory of projection and 
sorting out its difficulties from its valuable insights. In what follows I 
hope to show that much of what remains after a critical exposition is close, 
at least in spirit, to the results of other attacks on the same problems. 
In particular, the tenable residue of Goodman’s theory is compatible with 
a version of Bayesian confirmation theory, in the framework of which 
the concept of projectibility and the concept of prior probability have 
no substantive difference. I also hope to make more clear certain aspects 
of the problems Goodman has left us with. If I dwell on questions of 
interpretation and misinterpretation of what Goodman himself has written, 
it will not be for the sake of exegesis but for the purpose of calling attention 
to parts of Goodman’s analysis which seem to have been generally ig- 
nored, thereby compounding misunderstanding and misformulation of 
the issues at hand. 

Goodman’s announced objective is to find a way of telling ‘which 
hypotheses are confirmed by or which projections are validly made from 
any given evidence’ (1965, p. 84). We would like, if possible, to define a 
relation R(h,e) between ‘evidence or base cases on the one hand, and hypo- 
theses, predictions, or projections on the other’, which holds just in case A 
is validly projected on evidence e (1965, p. 84). Goodman has reviewed 
some of the attempts to make out R(h,e) as a purely logical or syntactic 
relation between % and e and has shown them to be unsatisfactory. The 
difficulties which he (and others) have brought to light warrant his con- 
clusion that we should search for a new approach to the problem. Although 
he never proposes an explicit definition of the desired relation and it 
cannot be rigorously defined in terms of his analysis as it stands, the 


Received 24 January 1969 
1 The only extensive discussions with which I am acquainted are Kahane (1965) and 
Wallace (1966a). Also see the reply to Wallace by Hanen (1967). 
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exposition seems to give us an informal procedure which in many cases 
should determine whether R(A,e) holds. We can gain an understanding of 
the kind of solution to the new problem of induction Goodman has in 
‘ mind and how close to such a solution he takes us by restating this informal 
procedure in such a way that we can see where it is wanting. 

Goodman restricts himself to hypotheses, A, which are of the form 
(x)(A(x) > B(x)) (pp. 92-3). ‘A’ and ‘B’ are predicates. An instantiation of h 
which has been determined to be true (false) is called a positive (negative) 
instance of h. Instances of k which have not been subject to examination 
are undetermined instances or cases. A hypothesis is said to be projected 
just in case it is adopted after some of its instances have been examined and 
determined to be true, none have been found false, and before all instances 
have been examined (in case that should be possible) (1965, pp. 87-8). 
The crucial notion of adoption is further clarified only by the remark: 
‘Obviously affirmation as certainly true is not demanded, but rather some- 
thing like affirmation as sufficiently more credible than alternative hypo- 
theses’ (1965, p.88). Goodman cavalierly asserts that an initial sketch 
of a theory of projection can make do with such a roughly indicated notion 
of adoption: “The definition of the relation between the projected and 
projectible is, again, largely independent of this consideration [of precision 
in such terms used in the definition of “projected” P (1965, p. 89). Shortly, 
we will have reason to question whether the notion of adoption has been 
adequately construed. 

Next, Goodman defines the projection of a predicate: ‘A predicate “Q” is 
said to be projected when a hypothesis such as “All P’s are Q’s” is pro- 
jected.’ A predicate ‘Q’ is said to be better entrenched than a predicate 
‘P’ if ‘Q’ has been actually projected more often than ‘P’ (1965, p. 94). En- 
trenchment of a predicate results from the actual projections, not of that 
predicate alone, but of all predicates coextensive with it (1965, p. 95). 
Needless to say, relative entrenchment is intended only as a crude measure. 
Besides stating that it is to reflect the relative number of actual projections, 
Goodman never tells us exactly how entrenchment is to be defined. 
But presumedly this is a matter of detail. 

Using the concept of entrenchment, Goodman gives rules whereby 
certain hypotheses can be declared unprojectible on a set of positive 
instances on the grounds that another hypothesis with much better en- 
trenched predicates could be projected on the same evidence—the green- 
grue dichotomy being a paradigm case. I will not criticise these rules, 
being more interested in less familiar considerations, which among other 
things brings Goodman himself to acknowledge that the rules may well 
be superfluous (1965, pp. 118-19). 
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The elimination rules apply to a hypothesis and evidence only if we 
know of a second hypothesis which could be projected on the same 
evidence and if there is a gross difference in the entrenchment of the 
predicates compared by the elimination rules. Presumedly a difference, 
say of ten percent, in the frequency of past projections will not lead to 
elimination of a hypothesis; the rules will also not apply when neither 
of two competing predicates has been much used. Consequently, appli- 
cation of the elimination rules clears the field, but leaves many ‘pre- 
sumptively projectible’ hypotheses, among which we may expect con- 
flicts will still exist. A given presumptively projectible hypothesis may be 
validly projectible under certain circumstances but not under others. 
For example, twenty red marbles drawn from a bag may or may not be 
valid grounds for generalising to the conclusion that all marbles in the 
bag are red, depending on what indirect information about the bag may 
be at hand. Goodman concludes that: 


What still needs to be done, ...is to take account of differences in degrees of 
projectibility. The hypotheses in the working basis [the presumptively pro- 
jectible hypotheses] . . . may be considered as having a presumptive projectibility 
in common. Among them are hypotheses ranging all the way from the highly 
projectible to the virtually unprojectible. If we can find means for defining 
these differences in degree of projectibility, then we can often decide between 
competing hypotheses on the ground that one is more projectible than the other 


(1965, p. 106). 


The rationale for moving from a projectible-unprojectible dichotomy to a 
concept of degree of projectibility can be stated in these general terms: 
Consider a collection of presumptively projectible hypotheses which 
conflict with each other, and a fixed body of evidence, e, which supports 
each of the hypotheses and violates none of them. We are likely to consider 
some of the hypotheses better supported by e than others. So what we 
need is an ordering of the hypotheses which will tell us, for a given body 
of supportive evidence and pair of hypotheses, which is better confirmed 
or more projected. That is, our attention has been called to a need for a 
measure of relative projectibility. 

This turn of the analysis is of the utmost importance and yet has been 
virtually ignored in the extended discussion of Goodman’s work. It is 
important because it comes closer to the facts about the phenomena under 
consideration. It is usually only the hypotheses of a philosopher (e.g. the 
grue hypothesis) or a crackpot (e.g. Velikovsky—and even in his case there 
is debate!) which are judged unqualifiedly unprojectible. Usually hypo- 
theses seriously proposed by someone familiar with the topic at hand are 
considered more or less projectible. We will demand more evidence for 
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the ones which sound more implausible or counterintuitive to our ear 
than the ones which initially strike us as reasonable, but we will generally 
be willing to consider them all, or at least as many as time allows. If an 
Einstein announced that the grue hypothesis was after all correct and that 
he was presently working out the details of deep theoretical reasons for 
such an unexpected result, we would be willing to hear him out. Further- 
more, posing the problem as the task of assigning degrees of projectibility 
subsumes the problem as popularly construed (that of separating the 
projectibles from the non-projectibles) as a special or limiting case. And, 
as I will later suggest, construing the problem in such a grossly oversimpli- 
fied way, as a problem of dividing hypotheses into two clearly distinguished 
classes, blocks consideration of interesting and powerful approaches to 
these issues. 

For a first approximation, Goodman suggests that we may still rely on 
relative entrenchment to estimate the relative projectibility of two 
presumptively projectible hypotheses. But this is clearly not enough. 
As Goodman puts it: 


What now demands our particular attention is how evidence that neither supports 
nor violates! a given hypothesis may yet effect its degree of projectibility (1965, 
p. 109). 

Again taking the example of generalising on the results of partially 
examining the contents of a bag of marbles, information about the origin 
of the bag may rightly affect our willingness to project. The projectibility 
must not only be a matter of degree—it must depend upon the circum- 
stances of projection (1965, p. 105). Goodman attempts to account for the 
bearing of indirect evidence on the projectibility of a hypothesis by intro- 
ducing the method of overhypotheses, to be discussed shortly. 

We began hoping to define a relation, R(A,e), which is to hold if and only 
if h can be validly projected on the grounds of e. Appealing to the ‘past 
record of projections’ Goodman suggested some sufficient conditions for 
~ Rh,e), which will work for many of the hypotheses, A, which are 
intuitively outrageous. These conditions are cast in terms of an all or 
nothing property of hypotheses—projectibility. However, many hypotheses, 
including the ones we may expect to come up in practice, are untouched 
by the initial elimination process. To deal with these, the concept of 
projectibility as a qualitative property is replaced by a concept of relative 
or comparative projectibility. The remaining presumptively projectible 
hypotheses are to be graded as to projectibility, crudely by considerations 
of entrenchment, and more exactly by bringing indirect evidence to bear 


1 Support and violation are, of course, in Goodman’s restricted technical sense of being 
positive or negative instances of a hypothesis. 
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via overhypotheses, which are themselves subject to the same rules of 
confirmation. Clearly, whether or not a hypothesis, 4, can be validly pro- 
jected must depend not only on its degree of projectibility but on what 
direct evidence is in question, on how much there is of it, and of what sort. 
In sum, the structure of the relation we are seeking to describe can be 
given by rewriting R(h,e) as R,(P.{h),e) where Pe is a function assigning 
degrees of projectibility to hypotheses.! The value of P.(h) is determined, 
first roughly by the entrenchment of the predicates of h, and then more 
accurately by bringing to bear through overhypotheses evidence, c, 
which neither directly supports nor violates the given hypothesis but 
which nonetheless effects its degree of projectibility. 

An adequate analysis of inductive inference has required Goodman to 
replace the qualitative concept of projectibility with a quantitative con- 
cept; but nowhere does he explicitly endorse a similar generalisation of 
the concept of projection. However, an all or nothing characterisation 
of valid projection now seems less natural than it did at the outset of 
Goodman’s analysis; generalisation to a quantitative concept is moti- 
vated by reasons similar to and stemming from Goodman’s generalisation 
of the concept of projectibility. Suppose that A can be validly projected 
on the basis of one hundred or more positive instances though not on the 
basis of five. That is to say, R,(P.(A),e) is false but R,(Pc(A),eqo9)) 18 


true, where 


5 
es = A y= €8e bce be ke, 
fel 


100 
eaw = A & 
tel 
and in general 
n 
Ein) = Aê 
fol 
where each & is a positive instance of h. In its present form our theory of 
confirmation has nothing to say about how the status of A gradually 
changes from clear non-projection to clear projection as the n in em) 


increases from 5 to 100. Comparison of A in the presence of es) for which, 


1 Strictly speaking this is incorrect, for R(h,e) holds only if e constitutes a collection of 
non-exhaustive positive instances of k (cf. pp. 87-8), and R,(P,(h),e) cannot mark this 
aspect of the relation between A and e because P,(h) is a ‘degree of projectibility’— 
presumedly a number—and no longer a hypothesis. For completeness I would have to 
appeal to a relation NPI (h,e) which holds if an only if e constitutes non-exhaustive 
positive instances of h and analyse the full structure of R, as R,(P.(h), NPI (Ah,e),e) 
saying that NPI (h,e) is a necessary but not sufficient condition for the relation R, to hold 
between A and e. R, would thus clearly mark the difference played by the instantial 
character of the evidence and the projectibility of the hypothesis. Since in this discussion 
we shall only be interested in cases in which the relation NPI (h,e) holds, I will omit 
reference to it altogether. 
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in the example, R,(Pe(h),es,) clearly fails and A in the presence of eao 
for which R (Ph), eaow) clearly holds seems to be just a special case of 
the general comparison of h in presence of en}, and £ima) where 7, and ng 
may be close or far apart. Similarly, we ask about the comparison of a 
set of hypotheses {Ay | 1<i<mn} such that Pe(hi)<Pe(hi+:) under a con- 
stant body of evidence, e, and indirect information, c, where each instance 
in e is a positive case for each /y. h, may be clearly unprojectible under 
e and A, clearly projectible. But this comparison is, again, a special case 
of the comparison of any h; and Ay. In the absence of any clear criteria 
for drawing the line between cases of correct projection and inadequate 
though confirmatory support, a theory which makes valid projection an 
all or nothing affair is an incomplete and oversimplified analysis of the 
subject matter at hand. Consequently, we should construe R,(P2(A),e) 
not as a relation which either holds or fails, i.e. as a two valued function, 
but as a many valued function which assigns one of a multiplicity of 
valid or correct degrees of confirmation to the triples (h,c,e). 

There is another reason for going over to a theory cast in terms of 
degrees of confirmation instead of all or nothing projection. Recall that a 
hypothesis is said to be projected when it is adopted, which Goodman 
explains only as being affirmed to be ‘sufficiently more credible than 
alternative hypotheses’ (1965, p.88). But how much is sufficient? This will 
depend on the context at hand. In certain contexts we will with reason 
reserve judgement about a hypothesis which we would with reason 
adopt in another, though both contexts include the same direct and indirect 
evidence for the hypothesis. The problem of the relation of context to the 
question of how well-confirmed a hypothesis needs to be for adoption 
or for use as reasonable ground for action, can to some extent be separated 
from the problem of confirmation per se by the strategy of describing the 
degree of confirmation which given evidence lends to a hypothesis and then 
studying as a separate (though closely related) question how strong con- 
firmation needs to be to justify adoption in a given context.1 The very 
way Goodman words his analysis of ‘adoption’ as ‘sufficiently more 
credible than’ strongly suggests that the concept underlying his subject 
matter is one of (relative) degree of credibility or confirmation. In other 
contexts Goodman falls to talking the same way, or rather can hardly 
avoid such phraseology, given his subject matter. For example, in dis- 
cussing the way the projectibility of a hypothesis, k, increases as the 
evidence for a relevant overhypothesis for A increases, he writes: 

1 That this can in fact be done has to be argued, of course. For example, see Jeffrey (x956), 


especially sections 4 and 5 where he argues that such a division of labour is not only 
possible but inescapable. 
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... the credibility transmitted from positive to undetermined cases of this hypo- 
thesis increases as the evidence for G [the overhypothesis] increases. A hypo- 
thesis cannot be confirmed without positive cases, but its positive cases confirm 
it only to the extent that it is projectible (1965, p. 110, my italics).1 

I take it that so far I do not violently differ from what Goodman him- 
self has written. Generalising the dichotomy between the projectible 
and unprojectible to grades of projectibility is a step which Goodman 
himself sees as necessary and develops at length. At the end of his dis- 
cussion he raises the question whether we might not dispense with the 
elimination rules altogether by assigning degrees of projectibility to all 
hypotheses and then summarily dismissing those with unquestionably 
negligible values (1965, pp. 118-19). He expresses uncertainty on this 
matter but not about the need to employ grades of projectibility for those 
hypotheses which are not completely bizarre. The need to consider grades 
or degrees of confirmation in an analysis of projection or adoption seems 
to mea similar generalisation and to proceed from similar reasons. In any 
case the digression from, or generalisation of, Goodman’s treatment is 
not too extreme. 

Goodman’s theory of projection is known as his theory of entrench- 
ment; yet overhypotheses play at least as important a part in his attack 
on the problem of induction. To complete our sketch of Goodman’s 
proposal, let us review the definition of overhypotheses and their role in 
the theory. Entrenchment of a hypothesis’ predicates has been seen to 
give only a first estimate of projectibility, which must then be refined by 
considerations of indirect evidence or the circumstances of projection. 
Referring back to a previous example, recall that the projectibility of the 
hypothesis 

H;: All the marbles in bag B are red. 


depends on indirect evidence which itself constitutes neither positive nor 
negative instances of H,. For example, if bag B is taken from stack S 
then the overhypothesis 


G: Every bagful in stack S is uniform in colour. 


increases the projectibility of H, to the extent that G itself is projected. 
At the same time 


G': Every bagful in stack S is mixed in colour. 


1 It must be stressed that construing projection as a matter of degree does not thereby 
exclude adoption rules altogether. Whether or not one opts for a decision theoretic 
approach, as in Jeffrey (1956), adoption rules may enter at a later stage of the analysis. 
The point is, rather, that an adequate account of adoption or ‘inductive inference’ 
must be cast in terms of something, such as ‘degree of confirmation’ or ‘degree of 
projection’, admitting of degrees. 


P 
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detracts from the projectibility of H, to the extent that G’ is projected. 
In general if 

O is (x)(O,(x)> Os) 
and H is (x)(Hy(x)> H,(2)) 
then O is a positive overhypothesis of H just in case ‘O,’ is a parent pre- 
dicate of ‘H,’ and ‘O,’ is a parent predicate of ‘Hy. In turn ‘P’ is a parent 
predicate of the predicate ‘Q’ just in case the extension of ‘Q’ is among the 
classes that ‘P’ applies to. O is a negative overhypothesis of H if ‘O,’ is a 
parent of ‘H,’ and ‘O,’ is complementary to a parent predicate of ‘H,’. Finally, 
a positive, unviolated overhypothesis, O, of a hypothesis, H, increases 
the projectibility of H to the extent that (1) O is projectible, (2) O is 
supported, and (3) O is ‘close’ or ‘specific’ to H (1965, pp. 116-17). A 
similar statement holds for negative overhypotheses. 

A number of fundamental difficulties in crucial parts of Goodman’s 
theory of projection lead me to the conclusion that, at best, it can give 
only crude estimates of projectibility and that probably most of the details 
have to be supplanted in favour of some alternative approach. As a first 
difficulty consider the problem of determining entrenchment of predicates. 
This can not be done merely by counting the frequency of use in actual 
projections because it would clearly be against the intention of the pro- 
posed theory if a predicate, ‘Q’, were characterised as being poorly en- 
trenched because ‘Q’ itself was little used, while ‘P’, which in some fairly 
strong sense is the same as ‘Q’, is characterised as well entrenched. For 
example, ‘bachelor’ might be used in a great many projections while 
‘unmarried adult male’ might well be hardly used at all in the actual 
expression of these projections—we tend not to use the more complicated 
expression. Yet, it would be contrary to the réle entrenchment is to play to 
characterise ‘bachelor’ as well entrenched and ‘unmarried adult male’ 
as not. Goodman’s solution (1965, p. 95) is to stipulate that ‘the entrench- 
ment of a predicate results from the actual projection not merely of that 
predicate alone but also of all predicates coextensive with it’. However, 
to use this rule we must be able to determine whether or not the predicates 
concerned are coextensive; and as Goodman says nothing about how this 
is to be done he appears to assume that determination of coextension is 
unproblematic. This he can not do; for to assume we have at our disposal 
a method for determining whether or not any two predicates are coexten- 
sive is to assume we have a method for answering any inductive question! 
Suppose that such a method were available and let us ask, for arbitrarily 
chosen predicates ‘A’ and ‘B’ whether (x)(A(x) > B(x)). Now (x) A(x) > B(x)) 
holds if and only if 

{xl A(x)&B(x)} = {x| A(x}. 
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So we can decide whether or not (x)(A(x)> B(x)) by using the presupposed 
general method for determining coextensions to decide whether or not ‘A’ 
is coextensive with the compound predicate ‘A and B’. Since the task at 
hand is to give an account of inductive inferences, we cannot in giving 
the account presuppose a tool which gives answers to all inductive questions. 

This problem arises at several other crucial points in the application 
of Goodman’s theory. If the entrenchment of predicates were calculated 
only from past and present frequencies of their actual projection, newly 
introduced predicates would have no entrenchment and hypotheses using 
them would always receive a negligible initial estimate of projectibility. 
Science could never confirm anything new. To deal with this difficulty 
Goodman stipulates that a predicate which has no ‘earned’ entrench- 
ment may ‘inherit’ entrenchment from a well-entrenched parent predicate 
(1965, pp. 104-5). This solution can be applied only if or in so far as we 
can determine of the relevant predicates whether one is a parent of the 
other. Once again, in saying nothing about how the question of parent- 
age is to be decided, Goodman appears to assume that it is unproblematic; 
and once again, to assume we have a general method by which we can tell 
whether the extension of a predicate is just one of the things of which a 
second predicate is true, is to assume we have a general method for answer- 
ing all inductive questions. For suppose that we had such a method and 
we wanted to know, for arbitrarily chosen predicates ‘A’ and ‘B’, whether 
(x)(A(x)> B(x)). Define the predicate ‘K’ by 


K(z)< z = {x|A(«)&B(x)} 


‘K’ has the property that (x)(A(x) > B(x)) holds if and only if ‘X’ is a parent 
of ‘A’; since ‘K’ is defined to hold true of exactly one thing, the extension of 
_ the compound predicate ‘A and B’, ‘K’ is true of the extension of ‘A’ if and 
only if the extension of ‘A’ coincides with the extension of ‘A and B’. But, 
as observed before, this happens if and only if (x)(A(x)> B(x)). 

This difficulty has much more serious implications for Goodman’s 
whole proposal through its effect on the method of overhypotheses. Re- 
call that direct considerations of entrenchment sufficed only to determine 
a crude first estimate of projectibility which is then to be refined by bring- 
ing indirect evidence to bear through the use of overhypotheses. The 
process requires us to tell whether or not one hypothesis, O, is an overhypo- 
thesis of a second hypothesis, H. This can be done only by telling whether 
constituent predicates of O are parent predicates of the constituent 
predicates of H, and we have just seen that we cannot, on pain of vicious 
circularity, assume a general method for making these decisions. 

Goodman’s failure in Fact, Fiction, and Forecast to deal with the problem 
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of determining when two predicates are coextensive or when one is a 
parent of the other may be taken as an expository simplification. But if 
the theory is to stand up, the simplification must be eliminated in some 
way which does not rely on a general solution to inductive problems. 
I see three possibilities: (1) Modify the theory so that it is no longer 
necessary in its application to know what predicates are coextensive or 
related by parenthood. (2) Rely on non-inductive means of determining 
these relations. (3) Determine the required relations as accurately as 
possible with limited inductive evidence, namely the inductive evidence 
which can be brought to bear with that part of an analysis of induction 
which does not circularly rely on the particular relations at issue. Goodman 
appears to opt for the first of these possibilities, at least for dealing with 
the special instances of the present difficulties described by Wallace 
(1966a, pp. 318-19). Wallace argues ‘that to deny that “grue emerald” 
is as well entrenched as “emerald” is to deny that the two are coextensive 
and hence, to decide without evidence that “All emeralds are grue emeralds” 
is false’ (Goodman (1966) p. 331). Goodman replies by asking us to consider 


All so-and-so’s are emeralds. 

All so-and-so’s are grue emeralds. 

If these conflict, then the consequent predicates are not coextensive and the 
first is obviously much better entrenched then the second. If the hypotheses 
do not conflict, we need not choose between them. Extensional divergence of the 
two predicates is not asserted categorically; rather we say that unless the two 
are coextensive, the first is the much better entrenched (Goodman (1966) p. 331. 
My italics.) 

On this version of the theory we never have to consider the relevance of 
coextension of predicates to their entrenchment; for either two predicates 
are not coextensive, or if coextensive we lose nothing by projecting the 
hypothesis with the more frequently projected predicate, since the hypo- 
theses do not conflict. 

To take this tack to deal with the general problem of identifying ex- 
tensions for calculating entrenchment is to back away from the original 
stipulation that ‘entrenchment of a predicate results from the actual 
projection not merely of that predicate alone but also of all predicates 
coextensive with it’ (Goodman, 1965, p. 94). Instead, it is now said that 
we can simply project the hypothesis whose predicates are prima facie 
better entrenched that the predicates of competing hypotheses. This 
state of affairs is clearly unsatisfactory. Consider 


(x1) All so-and-so’s are A’s. 
(2) All so-and-so’s are B’s. 
(3) All so-and-so’s are C’s. 
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where‘4’,‘B’,and ‘C’ all have similar prima facie entrenchment. Suppose ‘B’ 
and ‘C’ have the same extension, which differs from the extension of ‘A’. 
On Goodman’s revised proposal we can do nothing; the original definition 
allowed us to ‘add’ the prima facie entrenchments of ‘B’ and ‘C’ and so 
reject (1) in favour of the non-conflicting (2) and (3). The revision thus 
vitiates what I take to have been the main point of the original stipulation, 
that ‘... differences of tongue, use of coined abbreviations, and other 
variations in vocabulary do not prevent accrual of merited entrenchment’ 
(Goodman (1965) p. 95).* 

In so far as application of the entrenchment theory is troubled by purely 
verbal differences between predicates, there are prospects for non- 
inductive remedies. We might substitute the requirement of synonymy 
for the requirement of identity of extension when determining the entrench- 
ment of those predicates, which, though little used, are clearly to be counted 
as entrenched because they mean the same as a well-entrenched predicate 
or many moderately entrenched predicates. Of course, Goodman would 
not accept such a solution because he is sceptical about the relation of 
synonymy. However, those of us who believe there is such a relation may 
appeal to it here. That is not to say there are no problems about synonymy 
—but I believe it can be shown that the relation does not depend on a 
general characterisation of valid inductive inference, so that appeal to 
synonymy in the present context is not circular.? 

Meaning relations may also make it possible to determine certain cases 
of the relation ‘parent predicate of’ without appeal to matters of induction. 
The examples of H, and G are a case in point: G had the consequent, 
‘is uniform in colour’, and H, had the consequent, ‘is red’. If someone 
were to plead that ‘is uniform in colour’ (or more strictly, perhaps, ‘is a 
uniformly coloured collection of objects’) is a parent predicate of ‘red’ 
on the grounds of the meanings of the terms employed, I, for one, would 


1 My reference to Goodman’s reply to Wallace as a revision may not be strictly correct, 
since in Fact, Fiction, and Forecast (p. 101) Goodman makes similar remarks: ‘On the 
presumption that the two predicates [‘green’ and ‘grund’] are not thus coextensive H, 
conflicts with K and is to be eliminated by our rule.’ But he continues, ‘In all such 
cases conflict is to be presumed if there is no strong reason to the contrary.’ When we 
ask what such ‘strong reasons’ might be, the whole issue reopens. Furthermore, this 
conditional version of the rule appears to me to be in conflict, for the reasons given above, 
with the discussion of entrenchment (p. 95), as well as with the unconditional statements 
of the elimination rules, for example, on pages 99 and 103-4. 

Wallace’s note (1966b) again appeals to the difficulty under discussion, and Goodman’s 
comments (1967) on how to treat the newly constructed hypothesis embody the same 
revision described here. 

3 Interestingly enough, Goodman would disagree with this too; this is clear from his 
‘On Likeness of Meaning’ (1949), where he tries to deal with the notion of synonymy 
via the criteria of agreement of extensions and agreement of what he calls ‘secondary 
extensions’. 
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not quarrel. Finally, in certain cases, parenthood of predicates might be 
determined by direct inspection; the antecedents of G and H, are the 
suggestive examples. One may argue that ‘is a bagful in stack S’ could be 
ascertained to be a parent predicate of ‘is a marble in bag B’ by an ob- 
servational check that, indeed, bag B is one of the bags in stack S.1 

A solution in terms of meaning relations might make possible an ade- 
quate account of a predicate’s entrenchment as accrued from its synonyms. 
I suspect that two predicates which are merely contingently coextensive 
should not be characterised as affecting each other’s degree of entrench- 
ment anyway. But it seems likely to me that in most important cases 
meaning relations or direct inspection will not help us out of the difficulty 
of using parent predicates and overhypotheses. Consider, for example, 
the hypothesis, H, that fibres produced by machine A are stronger than 
fibres produced by machine B. The indirect information that nylon is 
stronger than rayon may be very relevant and can, with a little contor- 
tion, be put in the form of an overhypothesis, O. But to check that O is an 
overhypothesis of H requires two inductive inferences—that machine A 
produces nylon fibres and machine B produces rayon fibres. If Good- 
man’s theory of projection is to deal adequately with introduction of new 
terms and permit use of indirect evidence, some modification must be put 
forward. 

Goodman might suggest a revision of the same sort proposed in his 
replies to Wallace. Instead of saying categorically that the projectibility 
of a hypothesis, H, is increased by the positive overhypothesis O to the 
extent that O is projectible, O is supported, and O is close or specific 
to H; we might say that if O is a positive overhypothesis of H then the 
projectibility of H is increased to the extent that O is projectible, O is 
supported, and O is close or specific to H. This revision removes all 
circularity, but it also makes it impossible to use the method of over- 
hypotheses when determination of the relation ‘is an overhypothesis of? 
requires inductive inferences. The theory of projection is intended to 
determine the projectibility of hypotheses, H. Judgments of the form, 
‘If O is an overhypothesis of H, then the projectibility of H is such and 
such’ are of no use to us unless we can discharge the premise. When the 
only method available for discharging the premise seems to rely on a 
general characterisation of inductive method, the charge of vicious 
circularity returns. 

1 The example (which is taken from Goodman) is clouded by questions such as whether 
bag B contains only marbles. But these complications are not relevant here and may be 
eliminated by changing the example to: 


H : Everything in bag B is red. 
G”: The contents of each bag in stack S is uniform in colour. 
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The charge of circularity may be eliminated if it is possible to weaken the 
requirements for discharging the premise. Suppose we can, without a 
general characterisation of inductive method, obtain some indication that 
O is an overhypothesis of H. We then might be said to have an indication 
of similar strength that the projectibility of H is what it would be if we 
knew O to be an overhypothesis of H. The estimate of H’s projectibility 
would still be inexact, less exact than it would be if we were in a position 
to assert with certainty that O was an overhypothesis of H; yet we may be 
better off than if O were not considered at all. For a more exact statement 
of the revised requirements, let A, and A, be the generalisations which 
assert the agreement of extensions which must hold for O to be an over- 
hypothesis of H. In case O, h,, and hg are all unviolated we may stipulate 
that O increases the projectibility of H to the extent that (1) O, A,, and hy 
are all projectible, (2) O, A,, and Ah, are supported, and (3) O is specific 
to H. Condition (1) can now be established, crudely anyway, in a non- 
circular way since frequency considerations of use may serve to establish 
a crude first estimate of projectibility of O, kų, and hy. In many cases 
overhypotheses may be used to refine the estimate of projectibility of 
O, hy, and hg, as long as this use does not circle back to any of the hypo- 
theses under consideration. However, the refinement of H’s projectibility 
estimate will be considerably less sharp than formerly seemed possible; 
uncertainties in the projectibility of H can now arise not only from un- 
certainties in the projectibility of O, but also of h, and A,. Furthermore, 
attempts to make the projectibility of O, h,, and ha more exact through 
use of overhypotheses run into the same difficulty at the level once re- 
moved, In the context of the original formulation, in which O but not 
h, and h, was mentioned by condition (1), Goodman suggested (1965, 
pp. 112-13) a convincing argument that this sort of regress must quickly 
come to an end in overhypotheses of negligible degree of projectibility; 
for each step in the regression required parent predicates of what were 
already parent predicates in the previous step—roughly speaking, each 
regressive step required parent predicates of a higher level of generality. 
When forced to higher and higher levels of generality, the relevant pre- 
dicates will either become vacuous or will have no entrenchment. But 
when h, and h, are included in (1) this argument breaks down. h, and 
hg will be, as a rule, at a level of generality roughly that of H. Prospective 
overhypotheses of A, and hg will in turn require counterparts of h, and ha 
still roughly at the level of H. No matter how far the chain is pushed back, 
many of the relevant predicates may still have non-negligible entrench- 
ment. We cannot argue as Goodman did in Fact, Fiction, and Forecast 
that we are soon pushed back to predicates which have no entrenchment 
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because they are parent predicates of parent predicates...of parent 
predicates. Consequently, I see no reason to believe that in most cases 
pushing back the chain will finally lead to clear cut conclusions about the 
projectibility of hypotheses. Unless reason can be given, there are no 
grounds for believing that Goodman’s theory of projection can provide 
more than rough estimates of projectibility.+ 

There are also more general difficulties with Goodman’s appeal to 
parent predicates and overhypotheses. Parent predicates are essential to 
enable newly introduced predicates to ‘inherit’ entrenchment; yet it 
seems doubtful whether well-entrenched parent predicates could be 
found for predicates such as ‘is an elementary particle’, ‘more than three 
volts’, or more recently introduced theoretical terms. Of course, a new 
theoretical term for a well developed theory may have a well-entrenched 
parent predicate from the same theory; for example, ‘charged particle’ 
is a parent predicate for ‘positron’. The difficulty comes, rather, at the 
point of creation or conceptual extension of theories. More worrying 
is the fact that indirect evidence can be brought to bear only through 
overhypotheses; but I see no reason to believe that all or even most 
indirect evidence can be put in such a form. This is particularly so when 
the indirect evidence is mediated by an explanatory theory which does 
not have the form of a sequence of higher order generalisations. Consider 
for example, the generalisations: 


hı: People native to the tropics are dark-skinned. 
and, 
Ag: Anyone who is living in an area where malaria is widespread and 
who is bitten by a mosquito is likely to contract malaria. 


The effect of positive instances of these generalisations is vastly augmented 
by indirect evidence mediated by theoretical considerations concerning 
the intensity of ultraviolet light in the tropics in the one case and the germ 
theory of disease in the other. For example, observation of germs under a 
microscope becomes relevant to A, by virtue of the germ theory of disease; 
but it is highly doubtful that one could find an overhypothesis of A, of 
which such a germ observation is an instance and which transmits the 


1 The reader may be wondering why I have not attacked condition (3), that O be close or 
specific to H (1965, p. 116). Professor Goodman has informed me that he intended this 
condition to deal with the widths of the relevant extensions and not with any, more 
general question of relevance of the information brought to bear by O. Examination of 
a large number of cases has satisfied me that the more general and very important aspect 
of degree of relevance of O shows up in the projectibility of O. Therefore, the theory’s 
ability to deal with the degree of relevance of indirect evidence is subsurned by the 
discussion of the general problem of establishing the projectibility of hypotheses, since 
overhypotheses are hypotheses in their own right and are subject to exactly the same 
treatment as any other hypotheses. 
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observation’s enormous support to a. It is reasonable to suppose that 
there can be no such overhypothesis because overhypotheses merely 
state higher order generalisations, while a theory such as the germ theory 
of disease gives a causal (or perhaps some other) explanatory account 
of the phenomena in its domain. We have, as yet, no adequate analysis of 
the relevant kinds of explanation and how they function in theories and 
their confirmation; but it is safe to assume that such explanatory force 
plays some essential role in mediating certain kinds of indirect evidence, 
such as the observation of germs or neutrinos, and that the explanatory 
power itself is essential in our evaluation of theories and the predictions to 
which they give rise. Finally, such explanations generally come to more than 
simple statistical explanations in which observations or predictions are cited 
as instances of observed regularities; but there is no reason to suppose that 
overhypotheses can provide anything more than statistical explanations, 
since they seem to do no more than state higher order regularities. 

Problems such as these, together with the inherently limited effective- 
ness of the methods of parent predicates and overhypotheses leave me 
with little hope that these methods can prove useful in giving a general 
description of our inductive practices. 

Thus far I have not discussed the germinal idea of Goodman’s whole 
enterprise: entrenchment. To many, it seems preposterous that the rules 
of inductive validity should be extracted merely from linguistic usage. 
Goodman’s underlying argument is that rules are justified by tying in with 
cases. Valid rules are just those which describe or pick out the inferences 
which we make and accept. Valid rules are forged by the requirement 
of conforming to inference cases which we refuse to give up (1965, pp. 
63-4). I will not here take up the question of whether other, perhaps more 
interesting sorts of justification for inductive rules can be given, e.g. a 
‘pragmatic’ justification of the form, ‘If any inductive method can lead 
to the truth, this one will’. But Goodman’s version of justification for 
induction is of interest and deserves study if only because it would, if 
successful, give an understanding of the structure of the body of inferences 
we accept as valid. 

Given this notion of justification, the record of projections actually 
made constitutes one source from which we might uncover the rules 
describing valid inductive inference, i.e. the inferences we accept as valid. 
But the method of analysing this data, by simply counting heads, seems 
too crude. There is no reason to suppose that merely tallying up past 
projections will reveal the structure underlying these decisions. Natural 
phenomena (and our inductive practice is a natural phenomenon) rarely 
succumb to such blunt attack. To be sure, Goodman does not hold that 
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merely counting past projections will give a complete account of pro- 
jectibility. In his analysis entrenchment is used, first as a means to dis- 
card the projectibly untouchables, and then to give to the survivors a 
crude first estimate of degree of projectibility. Next, he attempts to make 
this estimate much more exact by bringing to bear indirect evidence 
through overhypotheses; entrenchment is used only to give a crude first 
approximation of projectibility to serve as the starting point for the oper- 
ation of a more refined theory. But we have seen that the theory he outlines 
has many difficulties. Consequently, the theory must be substantially 
improved, or we must find an alternative and more promising approach 
to the problem. Before achieving some success in one of these projects it is 
hard to judge conclusively whether or not considerations of entrenchment 
will provide a good way to make suitable first estimates of projectibility 
or whether such initial estimates will be needed at all. 

Let us see what interpretation and criticism have left us. I have inter- 
preted Goodman as seeking to describe a function R(h,e) which, in a way 
reflecting accepted inductive practice, assigns to a hypothesis, 2, with 
direct evidence, e, a degree of projection, confirmation, or credibility. 
The procedure which he investigates can be summarised by saying that 

_ R(h,e) has the form R,(Pc(h),e); Po(h) is a degree of projectibility which is 
to be determined, first approximately, by the entrenchment of the pre- 
dicates of h, and then more exactly by using overhypotheses to bring to 
bear indirect evidence, c. I have argued that the procedure of refinement 
has so many difficulties that it would be unreasonable not to give serious 
thought to alternatives. The question of whether the central notion of 
entrenchment may be useful in determining a first approximation to 
projectibility is left open, pending a more successful theory of confirmation 
which needs such approximations as initial values and which can make do 
with the approximations provided by considerations of entrenchment. 

This view of Goodman’s proposal is in striking conformity with a 
Bayesian approach to confirmation theory, particularly the subjective or 
personalistic versions. I will not here review any of the arguments for and 
against Bayesianism but will restrict myself to pointing out the parallel. 
A Bayesian analysis is characterised by a real valued function C(x), defined 
on sentences or on propositions, which satisfies the axioms of probability 
theory. This makes possible use of Bayes’ theorem: 

C(h) 


CR) = OMC 


C(e/h) 
or Ch) 


Goodman’s Theory of Projection 235 


The posterior probability or degree of confirmation! is characterised as 
C(h/e), the degree of confirmation of A conditional on the truth of e. This 
can be resolved with either of the two forms of Bayes’ theorem in terms of 
the prior degree of confirmation of h, C(A); the degree of confirmation of 
e given the truth of h, C(e/h) (which in the sort of cases considered by 
Goodman always equals 1 when e includes only positive instances of A, 
or o when e includes a negative instance of A); and either the prior degree 
of confirmation of e, C(e), or C(e/h), and C(e] ~h), the degree of confirm- 
ation of e given the truth of A and the falsity of A, respectively. 

The similarity to Goodman’s scheme, beyond the characterisation of 
confirmation in terms of degrees, is this: From the point of view of a 
Bayesian framework, the prior degree of confirmation, C(h), of a pro- 
position, A, has all the properties of a projectibility index as described by 
Goodman. The degree of confirmation of h on evidence e is a monotonically 
increasing function of, in fact directly proportional to, the prior degree 
of confirmation of A (of course for fixed values of C(e) and C(e/h)). Con- 
sequently, if two competing hypotheses, A, and hg, are supported by the 
same positive instantial evidence, e, we will have C(e/h,) = C(e/h,) = 1, 
and the relative values of C(A,/e) and C(A,/e) will depend only on C(A,) and 
C(h,). The hypothesis with the higher initial degree will receive the higher 
final degree of confirmation. The prior degree of confirmation of A is 
dependent on indirect evidence which, if explicitly formulated, can be 
directly incorporated in the description of the confirmation of h. Bayes’ 
theorem is used to calculate the posterior degree of confirmation of h, e, and 
e given h on the indirect evidence. These values are then used as new 
prior degrees in calculating C(h/e).? 

Goodman is, of course, perfectly familiar with the Bayesian form of 


1 The quantity C(A) is sometimes referred to as the probability of h, the degree of con- 
firmation of h, the credibility of h, or the subjective degree of belief in h, depending on 
whose theory one is reading. In this presentation I will call it the degree of confirmation 
in order to conform to terminology used earlier. But of course the interpretation of C(h) 
as a measure of probability, confirmation, credibility, or degree of belief bears a great 
deal of consideration. 

2? The suggestion that degree of projectibility should be identified with prior degree of 
confirmation is not new. The most explicit has been in Fain (1967). The fact that given 
a C function, considerations of projectibility can be recovered was noted by Carnap 
(1947, pp. 146-7) and worked out in more detail by Jeffrey (1965, p. 177, and 1966, 
pp. 285-8). Vickers’ reply to Jeffrey (1967) does not contradict this point, but rather 
brings out the point made in the following paragraph. The identification is also suggested 
along with many interesting parallels with the succeeding paragraphs, in an unpublished 
draft of Grover Maxwell’s contribution to the forthcoming Schilpp volume on Karl 
Popper. 

It must be stressed here that identification of degree of projectibility with prior degree 
of confirmation does not solve ‘Goodman’s paradox’; for assignment of prior degrees 
of confirmation is itself a very open issue. The point is that Goodman’s problem is not a 
special problem but rather a special case of amuch more general and clearly basicset of issues. 
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inductive logic, particularly its best known version in Carnap’s ‘logical’ 
interpretation of probability. Goodman objects to Carnap’s system (for 
example, 1966, p. 329) because it condones any of a multitude of confirm- 
ation functions, and without an adequately justified means of picking 
among them Goodman’s basic problem of projection arises once again: 
one cofirmation function, C}, may assign a high prior degree of confirmation 
to the grue hypothesis and a low degree to the green hypothesis, while C, 
may do just the opposite. If C, is adopted, the property grue will be 
projected of emeralds; if C, is adopted, green will be projected. Until we 
have some way of choosing between C, and C, (and many others) we are 
clearly no better off than when we started. 

- The objection of indecisiveness cannot be raised against the personalist 
version of Bayesianism, which holds that C should represent an individual’s 
subjective degree of belief! so that prior degrees of confirmation are fixed 
by the individual’s subjective judgments. The intuitions of most of us 
will put the prior degree of confirmation of the grue hypothesis very low 
compared to that of the green hypothesis, which leads to projection of the 
latter and not the former. In this way, a method of fixing initial values of 
the function C is given, though the estimation will differ from person to 
person. The method, however, is criticised for being arbitrary. Further- 
more, there is no guarantee that the projections singled out by such a 
subjective characterisation will be in accord with past accepted practice 
and thus form an explication of valid inductive inference in Goodman’s 
sense. A person might, if his intuitions should so indicate, pick prior 
degrees of confirmation which would seem absurd to most of us and 
which would lead to projections very much at odds with the commonly 
accepted ones. Personalists have often discounted the problem of assigning 
prior degrees of confirmation on the grounds that, under mild restrictions, 
very different prior degrees of confirmation for a hypothesis will yield 
close posterior degrees, given a moderate amount of evidence. But such 
discounting leaves unanswered the question Goodman raises: what are 
and how can we describe the rules or underlying regularities which tie 
in acceptable projection with accepted practice. In the context of a Bayesian 
formulation this question becomes: how can prior degrees of confirm- 
ation be chosen so that the projections specified by the function C will 
be in accord with past accepted projective practice. The question might 
even be recast in the following way: instead of interpreting C as a measure 


1 Adjusted only to conform to the probability axioms, which seems a modest require- 
ment, since it is equivalent to the requirement that the individual’s estimation of like- 
lihoods will not commit him to make a bet in which he is bound to lose no matter what 
happens. 
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of a person’s subjective degree of belief, we might interpret it as a measure 
of the degree of belief which it is rational for an individual to hold, where 
‘rational’ is not taken in the strongest possible (and unrealisable) sense of 
being ultimately justified as a logical relation, but in the weaker sense, 
suggested by Goodman, of being in accord with the sort of actual practice 
which we generally accept as rational. C would then not be a matter of 
individual choice but a summary of the collective standards of rational 
practice to which most of us generally subscribe. The problem is how to 
determine the initial values of C so that C will in fact tie in with practice 
in the desired manner. 

Viewing the problem in this way we have a final point of contact be- 
tween a Bayesian approach and Goodman’s attempt to outline a theory of 
induction. The doctrine of entrenchment might be taken as a way to 
supply the prior degrees of confirmation for the function C. We saw that 
entrenchment is likely to give, at best, only a crude estimate of the degrees 
of projectibility embodied in actual practice. But because Bayes’ theorem 
guarantees convergence of degrees of confirmation on moderate evidence, 
provided only that the initial degrees are not too wildly disparate, the 
crudeness of estimates by entrenchment might well be acceptable. In 
fact, Bayes’ theorem might provide just the sort of machinery to improve 
crude estimates of projectibility that I suggested we must have for the 
crude estimates given by entrenchment to be useful. Finally, estimating 
initial degrees of confirmation by entrenchment instead of individual 
intuition grounds the function C in the common store of intuitions and 
practice instead of individual caprice, since entrenchment is determined 
by frequency of projection throughout our whole community. 

Even if one agrees that C ought to represent our collective standards of 
rationality instead of one man’s beliefs or an ephemeral logical relation, 
entrenchment may be criticised as being an unreasonably narrow foundation 
for initial degrees of confirmation. In this connection it is worth remarking 
that when Goodman insists that the grounds for inductive inference are 
to be found in our use of language (e.g. 1965, p. 119) he has in mind not 
just syntactic and semantic regularities, but the full history of use of 
language.! This encompasses a huge body of information, and we may 
ask, why should frequency counts of actual projections be the only method 
of tapping this vast store of data? In Goodman’s words, the task is to 
define valid projection 
... in terms of anything that does not beg the question, that meets our other 


demands for acceptable terms of explanation, and that may reasonably be sup- 
posed to be at hand when a question of inductive validity arises (1965, p. 85). 


1 This point was stressed in conversation with Professor Goodman. 
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We have many other prospects on the horizon for determining prior 
degrees of confirmation in a way which reflects standards and habits 
shared by all sane men, standards and habits which are responsible for the 
individual cases to which we insist valid inductive rules must conform. 
There is current research on the thesis that many aspects of language and 
perception are innately determined. One might be able to appeal to collec- 
tive judgments of plausibility, simplicity, explanatory power, or other 
specific characteristics of shared intuitions. The fact that a man who has 
been successful in making predictions considers a hypothesis worthy 
of investigation might be found to give it, as a matter of community-wide 
judgment, special status. Considerations of entrenchment should be 
` regarded as one possible method of determining prior degrees of confirm- 
ation, and one which has been more carefully worked out than many 
others. As long as there is no prejudice against search for a broader 
foundation it deserves serious consideration as a means of estimating 
prior degrees of confirmation and as an example of how such estimation 
may illuminatingly depend upon facts about the world. 


1 For an interesting attempt to work out this idea along lines suggested by Peirce and Harold 
Jeffreys, see Shimony (forthcoming). 
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The Sensation of Pleasure 


by ROLAND PUCCETTI 


About the time Professor Ryle was telling us in the Tarner Lectures? that 
pleasure is not a sensation because, inter alia, it is not separable from its 
source, a cause or effect, clockable or locatable or describable the way 
pains are, there began a series of psychobiological experiments bearing on 
just this sort of question. Taking these into account might therefore ° 
contribute to our philosophical understanding of pleasure. It might also 
reveal some of the limitations of ordinary language philosophy. 


I THE DISCOVERY OF PLEASURE CENTRES IN THE BRAIN. 


I start with the discovery by James Olds? and his co-workers of specific 
seats of pleasure in the rat brain. 

The equipment involved is simple enough. A plastic electrode carrier 
is screwed onto the skull of the test animal, thereby inserting into the part 
of the brain you want to explore a pair of silver wires ı/rooth of an inch in 
diameter, sheathed except for the tips. The presence of the electrode is of 
course unknown to the rat, since brain tissue is not sensitive, and once the 
skin heals over he is not discommoded by it in any way. However when a 
plug attached to flexible corded wires is connected to the carrier you can 
send an electrical stimulus of 5 to 100 microamperes down the insulated 
electrode for half a second at a time, sufficient to fire brain cells within 
4 mm of the exposed tips. This represents no abnormal intrusion on the 
working of the brain, because incoming sensory signals are also electrical 
and provoke discharge of the affected neurons in the same manner. What 
you are doing when you press the key is short-circuiting the organism’s 
central nervous system by providing its terminal organisation with bogus 
signals from outside. 

So much for the equipment and how it works. Now Olds and his col- 
leagues began with the intention of exploring the rat’s reticular activating 
system, but by a fortunate mischance their electrode went into a nerve 
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1 Ryle (1954). See also Ryle (1949) and (19542). Similar views are expressed by Nowell- 
Smith (1954), Peters (1958), Manser (1960), Kenny (1963) and Armstrong (1968). 

2 Not that ordinary language philosophers are uniformly agreed with Ryle on this. Dissent 
or at least important qualifications are found in Gallie (1954), Penelhum (1957) and 
Cowan (1968) 

3 See Olds (1956). For a fuller, more technical exposition see also his (1960). 
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pathway of the little-known rhinencephalon. They were surprised, there- 
fore, when the rat, placed in a large box with corners labelled ‘4’, ‘B’, 
‘C’, and ‘D’ and stimulated only as it wandered into corner A, kept 
returning to this spot and waiting expectantly. The next day they gave him 
a jolt every time he ventured into corner B, with the same result. Gradually 
they realised the experimenter could direct the animal to any spot in the 
box if the stimulus were applied there and nowhere else. They then placed 
it ina T-shaped box, giving it a shock whenever it turned up the right arm 
of the T. It began turning right every time. Next the process was reversed 
and the rat turned only left. Finally food was placed at the end of the right 
arm and a jolt applied half-way up. The rat stopped there, within sight and 
smell of the food, even though it hadn’t eaten for 24 hours. 

It was obvious by now that Olds and his team had hit upon something 
new, because it was impossible that an electrode firing a single cell area 
could produce such variable patterns of behaviour. Some kind of reward 
was being obtained by the rat, a reward which could be associated with any 
locus in the box at the experimenter’s will. But to establish this beyond 
question, and to provide a means of quantitative measurement of the 
reward, a more sophisticated experimental situation was called for. So 
they placed the animal in a Skinner box, where the electrode connected 
not to the experimenter’s key but to a treadle or bar which, when the rat 
depressed it, would give him the same stimulus. To obtain another he had 
to release the lever and press it again—the number of times he did so per 
hour would therefore indicate the reward obtained. 

In this situation some dramatic results ensued. With the current off 
and roaming freely in the cage, it was found the animal would hit the bar 
an average Io to 25 times an hour. But as soon as the current was on 
everything changed. The rat returned to the bar immediately after stepping 
on it and began depressing it with his paw at a rate of 200 times an hour. 

But this was nothing. Working with a large number of test animals and 
implanting electrodes all over the brain, Olds and his colleagues found they 
could map response centres systematically according to the frequency of 
intracranial self-stimulation. About 60 per cent of the rat brain, they dis- 
covered, is motivationally neutral. Animals with electrodes in the cortex, 
for example, exhibited no particular interest in returning to the bar. Some 
5 per cent of implantation sites, on the other hand, produced avoidance 
reactions—once touched, the rat would be careful not to approach the 
treadle again. But fully 35 per cent of stimulated cell areas provoked 
repeated bar-pressing. The rhinencephalon, it turned out, was a relatively 
low inducement. Rats with electrodes implanted in the posterior hypo- 
thalamus would press the bar as much as 5,000 times an hour. One region, 
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the interpeduncular nucleus of the tegmentum, yielded no less than 
7,000 bar-presses per hour. Such animals would literally pump the treadle 
with their foot for as long as 24 hours, ignoring food and water and sexual 
opportunities placed alongside them and stopping only to fall into an 
exhausted sleep. They would cross wire grids that gave them painful shocks 
to the feet to get to the bar, something they could not be induced to do for 
food even in a semi-starved state. They would start off the day running 
through a complicated maze full speed to get their first jolts of the morning. 

Now what motivates animals with electrode emplacements in certain 
regions of the brain to behave like this? As we saw, it cannot be some kind 
of nervous or muscular reaction if, in fact, all sorts of varied responses are 
learned to obtain the stimulus. Nor, really, can it be explained in terms of 
addiction. Rats have also been trained to morphine addiction (Weeks, 
1964), but in that case they do not administer larger doses of the drug to 
themselves (by learning to press a bar that injects morphine through a 
cannula into the heart) than necessary to relieve withdrawal effects created 
by increased tolerance and physical dependence. Our electrically self- 
stimulating rats, on the other hand, will go to the limits of physiologic 
endurance in specially responsive areas, right from the start. Nor will they 
show ill effects from the experience. If allowed enough rest and nourish- 
ment they remain healthy animals, capable of resuming normal behaviour 
almost at once, even after test runs lasting eight months. Thus there is no 
evidence of compulsion, either neurological or physiological, to explain 
this behaviour. If indeed a rat in a Skinner box chooses to pump the treadle 
5,000 or 7,000 times an hour, shunning normal organic satisfactions or 
even accepting pain to do it, then surely he is getting something in return. 
What is this, if not pleasure? 


2 PLEASURE NOT A SENSATION? 

That pleasure is not a sensation because inseparable from its source is 
clearly false on the above account. The source of the rat’s pleasure is a 
discharging of neurons in part of his brain, say the posterior hypothalamus. 
The source of that is an electrical current passing between the exposed 
electrode tips, coming down from the carrier, and to the carrier from wires 
hooked up to the bar in the Skinner box. But the rat knows nothing of 
these ‘sources’. All he knows is that when he presses down on the bar he 
gets pleasure. Of course that means he associates bar-pressing with pleasure, 
but even the rat does not consider them inseparable. When the current is 
off he hits the bar once or twice, sniffs it curiously, and moves off to eat or 
sleep. And as we have seen in the earlier experimental situation, the same 
animal can associate pleasure with a variety of activities: stopping in corner 
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A of the box, stopping in corner B, turning up the right arm of the T, 
turning up the left, stopping half-way up the right arm in easy reach of 
food, etc. He could hardly do this if he were unable to distinguish pleasure 
from whatever he finds provides it at any given time. 

That pleasure is not a sensation because not a cause or an effect seems 
equally false in the light of these experiments. Let us return to the situation 
in the Skinner box. We have three discernible elements here in temporal 
succession. First we have event E}, the rat depressing the bar with a fore- 
foot. Then we have event E,, the electrical current running through the 
wires and crossing between the electrode tips at the implantation site. 
Finally we have event £3, the discharging of neurons in that cell area. All 
of these are observable (though the last is difficult to observe). The whole 
cycle begins again with the animal pressing down on the bar a second time. 
However as we saw there is no way to explain his doing so except in terms 
of a definite reward obtained, which we can call the sensation of pleasure. 
Now a materialist of the Central-State sort would presumably refuse to 
distinguish between the neuronal discharge and the occurrence of a pleasure 
sensation. For him, therefore, E, is the effect of E, and the cause of Ey 
being renewed. An epiphenomenalist would say E, causes a fourth event, 
E, the sensation of pleasure, but Æ, causes nothing and can be considered 
gratuitous—though the rat may be thankful for it. A Cartesian dualist 
will of course say E, not E}, is what causes the renewal of E,. But if we 
don’t have our minds set on any particular theory the most natural thing 
in the world would be to say that pleasure is the result of pumping the bar 
and the cause of pumping it again. 

That pleasure is not a sensation because not clockable, i.e. not capable 
of discrete measurement in time, hardly accords with these experimental 
results either. The pleasure does not begin until very shortly after the test 
animal depresses the bar, because that’s what turns on the current, and it 
ends half a second later when the current is automatically cut. If it began 
earlier the rat would not need to press the bar, and if it ended later—i.e. 
if there were lingering pleasure sensations of the same intensity after- 
wards—these would be no reason to release the bar and press it a second 
time. So if you want to clock the rat’s pleasure you just count the number 
of times he depresses the bar per hour or day and multiply by one-half 
second. There is no problem about this at all. 

We come now to the issues of locatability and describability. Here we 
are obviously on shakier inferential ground, since the test animal cannot 
speak. But we are not entirely without evidence. The most responsive 
pleasure centres—thalamus, hypothalamus, basal ganglia, etc.—are in the 
upper brainstem and associated mid-line region of the brain, which serve 


The Sensation of Pleasure 243 


also as centres for controlling sexual, digestive, excretory, and similar basic 
organic processes. Sufficient work has been done by Olds (1956, 1960) 
and others to suggest very strongly that electrical self-stimulation in these 
areas fires neural circuits normally discharged by incoming sensory signals 
related to satisfaction of primary drives. For example, while as I said 
before hungry rats will ignore food to get their pleasure shocks, implanta- 
tion of the electrode in certain sites provokes greater bar-pressing rates 
when the animal is hungry than when he has a full stomach. The same for 
other implantation spots when he is thirsty. In still others a castrated rat 
already experienced in self-stimulation loses interest in the jolts as androgen 
levels decline, but starts pressing frequently again after injections of the 
hormone testosterone. Indeed the anatomic differentiation of primary 
drive systems is illustrated by the fact that cell areas specially responsive 
when the animal is hungry do not become so under androgen increase, 
whereas those responsive to higher androgen levels remain unaffected by 
hunger. Thus there seems little doubt that experimentally-induced 
pleasure sensations are locatable with reference to specific physiological 
reward systems and describable, if only the animal could talk, in terms of 
those satisfactions. 

There is one further point to be made here. If Ryle and those who have 
followed him in denying pleasure the status of a sensation were right there 
ought to be no causal relationship between pleasure and pain, except that 
painful sensations intrude upon pleasurable activities, or pleasurable 
activities sometimes divert our attention from pains. But in fact the relation- 
ship is far more direct than that. Lilly (1960) and others, working with both 
types of centres in monkeys, have reported a dramatic cancelling-out effect. 
The monkey whose punishment centres are stimulated undergoes a rapid 
physical decline. His pupils dilate, nostrils widen, hair erects all over the 
body. He shakes inco-ordinately, defecates repeatedly, bites any object 
near him with enough force to break teeth out of the jaw. After a test run 
of three hours or so such an animal becomes dangerously ill. He bites or 
scratches when approached, refuses to eat, vomits food eaten the previous 
night, develops a gray, pallid skin and high heart rate, and when not 
antagonistic is apathetic and completely non-responsive. He is ready to die. 
But the whole clinical picture changes marvellously as soon as his pleasure 
centres are stimulated. Almost at once he revives, his appetite returns, 
he becomes friendly and co-operative. From a miserable, dying organism 
he is transformed, literally within minutes, into a healthy, responsive one. 
It is as if he had never been sick at all. 

Nature seems to have placed rats and monkeys, at least, under the 
governance of those sovereign masters, pleasure and pain. 


244 Roland Puccetti 


3 THE EXTRAPOLATION TO MAN 


But only rats and monkeys? As we saw, the most sensitive pleasure centres 
are situated in the upper brainstem and associated areas, where primary 
drives are mediated. Now the brainstem, along with the cerebellum, is 
common to lower and higher vertebrates alike; in the higher mammals, 
and particularly the primates, its structure and functions are remarkably 
analogous from species to species. If pleasure centres were located in the 
cerebrum we could then expect considerable differences between ourselves 
and rats or monkeys, but almost anything true of the subcortical regions 
of the mammalian brain is true of the human brain, since from an evolu- 
tionary standpoint the subcortex is our oldest neurological inheritance. 
Experimental work on the human brain is of course quite limited 
compared to that done on rats or monkeys. Any artificial stimulation of the 
brain by electrical means risks thermal or electrolytic injury, and in fact 
the distance separating pleasure from pain centres is sometimes only a 
couple hundredths of an inch. A responsible neurosurgeon is hardly likely, 
in that case, to go gaily pushing wires into deeper cell layers just to see what 
happens. Besides this there is the consideration that to get an accurate map 
of pain and pleasure centres in any species’ brain you have to be prepared to 
stop each time interesting behaviour patterns occur and verify the exact im- 
plantation site by examining the histological material. Which means you have 
to section the tissue area into fine slices, stain and micro-photograph them. 
So you need quitea lot of dispensable subjects to get it down toascience. The 
hedonic geography of the human brain is therefore far from complete. 
Nevertheless enough has been done under medically justifiable circum- 
stances—in treating epileptics, psychotics, patients suffering from intract- 
able pain—to afford preliminary substantiation of the above contentions 
based on animal experiments (Wooldridge, 1963). Patients describe their 
sensations in terms of ease, relaxation, joy, satisfaction. When allowed to 
stimulate themselves they often overdo it and go into convulsions. How- 
ever, unlike electroshock treatment which produces similar convulsions, 
the result is not aggressive malice but quiet contentment. They are sup- 
remely happy. And once again, in the case of sufferers from intractable 
pain, we get the wonderful, instant reversal of clinical symptoms (though 
it lasts only so long as pleasure centres are stimulated). Pleasure sensations 
are to such patients clearly separable from their source, pressing a key; an 
effect of pressing the key and cause of wanting to press it again; easily 
clockable; and capable of directly eliminating their pains.! 
1 However as of this writing I have not been able to find evidence in the literature of 


‘locatability’ and ‘describability’ with regard to primary drive systems in the human 
subject. Perhaps this will come with further investigative opportunities. 
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If you tell people who have had this sort of experience that pleasure is 
not a sensation, they might very well suggest you get an electrode implanted 
in your own brain and find out for yourself. 


4 CONCLUSION 


In retrospect, it seems obvious from the above discussion that any philo- 
sophical method relying solely on ordinary language for the investigation 
of concepts accepts severe limitations on what it can achieve. For one 
thing, ordinary language reflects ordinary experience, and it is not part of 
ordinary experience to have wires sunk into one’s brain and one’s pleasure 
centres artificially stimulated. For another, the kinds of pleasure most 
attended to by educated men generally, hence philosophers, are of the 
refined sort such as playing tennis or gardening or listening to classical 
music, which involve considerable cerebral activity and cannot easily be 
isolated from their sources, or seen in a cause-and-effect relationship, or 
accurately clocked or located or described. But man is not just a cerebrum. 
He is a higher mammal with enlarged cerebral hemispheres rooted in a 
mammalian brainstem. The sensitive soul makes its claims on philosophy 
too. 

University of Singapore 
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Indeterminism in Classical Physics 


by WALTER HOERING 


The classical mechanics of mass points is generally considered as deter- 
ministic, if not as the prototype of a deterministic theory. And indeed its 
equations of motion have solutions which are single-valued functions of the 
initial conditions. The situation changes however if we examine critically 
the process of measurement in a manner suggested by discussions in 
quantum mechanics. 

It might also be expected that an improved understanding of the 
question of determinism in classical mechanics will lead to a deeper 
understanding of quantum mechanics. It is this idea that motivated the 
papers of Popper (1950) and Born (1955) and was confirmed in Bopp’s 
work (1961). In completely different ways, using different concepts of 
indeterminism, Born and Popper both came to the conclusion that 
classical mechanics is indeterministic. Brillouin (1956), using still another 
concept of indeterminism, arrived at the same result. The basic situation 
underlying these developments has been known since the discovery of 
unstable equilibrium and, in mathematical form, since the work of 
Liapunov (1893) and Poincaré (1892-9) although these pioneers spoke a 
little more modestly of instability rather than of indeterminism. Dear 
(1960) criticised Popper’s methods of inference and tried to show that 
classical mechanics is deterministic even in Popper’s sense. 

We intend to sketch the contributions of Born and Brillouin, try to 
explicate their concepts of stability and compare them to Liapunov’s. 
We shall point out Dear’s oversight and try to show, using the results of 
Brillouin (1964), that although Popper’s reasoning is open to criticism he 
arrives at the right conclusion. That is, 32 ¢s possible within the framework of 
classical mechanics to define models which behave indeterministically. The 
question of the indeterminism of a given model depends moreover on the kind 
of questions admitted. Quite generally: any mechanics suitable for the 
description of models of decisions (partitions of a continuum of trajectories 
into two or more physically distinct classes) will be seen to lead to indeter- 
minism for these very models. 

Neither Born nor Brillouin define explicitly what they mean by in- 
determinism. Instead they construct examples within the framework of 
classical mechanics which are unpredictable in certain ways. It becomes 
clear however that they—as well as Popper—held determinism to be 
equivalent with predictability. 
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BORN 


Born uses Einstein’s model of a one dimensional gas with one atom. The 
gas atom is confined to an interval of length /. It is elastically reflected at 
its end points. If we assume that the particle is at x = x, at the time £ = 0 
and its velocity lies between v, and v+42, then the range 4x of possible 
positions of the particle increases proportionally to the time: Ax = tvy. 
So at t = te = l/Avy, Ax = l. At this time or later we no longer know where in 
the interval / the particle is. Therefore Born terms the motion ‘instable’. 
Let us now try to reconstruct the general idea behind this example. 
There’s a hint in the footnote on page 7 of Born (1955): 
For an unbounded straight line motion, the question of stability has no meaning 
as there is no range (like Zin the Einstein model) with which to compare Ax(t). 
The usual considerations on mechanical determinism miss this essential point 
of a final range. 
but the following passage is somewhat puzzling: 


There are two possibilities: Either a small change of the parameters in the 
initial state (small compared with the total range) produces only small changes 
of the final values for all times; then the orbit defined by the initial conditions is 
stable, Or this is not the case, the final deviations increase in time beyond any limit; 
then the orbit is nt... 
For one thing the underlined part is a non sequitur; secondly, one might 
be led to assume: stability implies that the parameters of a trajectory 
(position, momentum) are continuous functions of their values at tọ But 
this does not hold in our example—at least not for the momenta. It is not 
clear whether Born really intends to postulate that the spatial coordinates 
at a certain instant are to be continuous functions of their initial values. 

It is however obvious that Born does want to call a trajectory unstable 
if, however small we can make the intervals ô which represent our know- 
ledge about the initial values of the phase-space? coordinates of our system, 
there is always an instant of time #(5,, . . ., Ôn) at which this information 
becomes irrelevant. 

It is not easy to transform this idea into a definition which is both precise 
and generally applicable. We propose the following: 

A trajectory in phase-space which is characterised by the equations of 
motion p = f(t, £), p = (£i -< Xn), f = (fi -- +) fn) is unstable go if and 
only if 
(Ai)(Aa)(Ab)(Apy){a<b & t<n & (8)(At))(xi)(2)[(a<a<b & ts<t) 

(Iu) poe | <8 & filu, 2) = al} 
That is: There exists an axis x; in phase-space, a fixed interval (ab) on 


1 Phase-space is the space defined by the space coordinates and momenta of the com- 
ponents of a mechanical system. 
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it, and a point u, such that however small we chose 6 characterising a 
neighbourhood of py there always exists a ta such that at each later instant 
of time (t>ts) each x; in the interval is reached by a trajectory satisfying 
the equations of motion and starting at a point of the 6-neighbourhood of ju). 

That Born had good reasons for linking this kind of instability with 
indeterminism becomes clear if one considers the following facts: (1) Each 
measurement of a quantity x which we make has only a finite exactness 5; 
(2) for each instant of time in the development of the physical measuring 
techniques there is a limit to the exactness e with which this quantity can 
be measured; (3) it is possible, even probable, that there is an absolute 
lower limit 7 to the exactness with which this quantity can be measured. 
Obviously §>e27. 

Thus, if the motion is unstable and we make the measurement with a 
degree of exactness 5, then the location of the particle in phase-space (in a 
fixed finite interval of phase-space) will not be known to us after time ts 
posterior to the measurement; to anyone repeating our measurement with 
currently available apparatus at time z, posterior to his measurement; 
nor in principle to anyone at all who repeats our measurement at time ty 
after the measurement. For these times we have t;<#,<t,. An example 
of a stable motion in Born’s sense is the harmonic oscillator (see Brillouin, 


1964, P. 94).? 


BRILLOUIN 


Brillouin (1956) points out that the discontinuous behaviour of a motion 
together with any desired but nevertheless finite degree of exactness of 
measurement for the initial conditions will lead to difficulties for a predic- 
tion at the points of discontinuity. The following definition states this 
idea more precisely: ‘The motion u = f(p,, t) is unstable,p, if and only if 
there is a time t>o so that f(u, tọ) at point u, is discontinuous: — 
ASIEN) Tea | <€ > Fler) Fun fo) | <9] 

A parallel stream of particles which meets the edge of a reflecting elastic 
half-plane offers a simple example. We will assume that in a cartesian- 
coordinate system a mass-point moves on the negative x-axis in a positive 
direction toward the half-plane x = o, y<o and that we know the momen- 
tum (pz = p, py = 0, pz = 0). We must however determine by a measure- 
ment, on which parallel to the x-axis the particle is moving. A measure- 
ment of finite exactness, idealised by assuming that it does not disturb the 





1 What we have defined here is actually ‘instability at uo’. We shall however, here as well 
as later, call a trajectory unstable, if it is unstable, at some point xo, and call a family 
of trajectories unstable, if it includes an unstable, trajectory, and a model unstable, when 
it admits of a family of trajectories which is unstable,. 

2 It seems that instability», is closely related to the ergodic hypothesis. 
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trajectory of the particle, will limit the point at which the trajectory inter- 
sects the plane x = o to a finite area which contains the point zero if the 
particle actually moves on the x-axis. Yet, even with this idealisation, we 
will not know whether y = o or y>o or y<o is valid for the point of 
intersection of the trajectory—nor therefore the location of the particle 
for £>t, provided that at time ¢, it was on the plane x = o. 

Another example will lead to a generalisation of this situation. In the 
case of a circular pendulum, oscillating or rotating in a vertical plane, a 
mass-point moves in a circular trajectory under the influence of a gravita- 
tional force of constant magnitude and direction. Here the position and 
momentum at any point of time are continuous functions of the initial 
values. There is however the possibility of unstable equilibrium. In that 
case the particle rests at the top of the circle. The corresponding point 
of phase-space cannot be reached in a finite interval of time through a 
motion of a particle compatible with the equations of motion. However, 
there is such a trajectory B, which for large ¢ comes as close to this point 
as desired. Now, we assume that a particle moves on this trajectory and that 
we try to determine through measurements of position and momentum 
of any desired but finite exactness, whether the particle is actually in the 
trajectory B, whether it, for lack of kinetic energy, will turn back before 
reaching the top of the circle, or whether it will overshoot this point. But 
here, exactly as in the last example, we can, even on the assumption of a 
measurement which causes no disturbance to the trajectory, only limit this 
trajectory to a finite interval which allows for all three possibilities. 

Generalising from this example we shall now consider the space defined 
by the phase-space and time coordinates. The physically realisable 
motions are continuous curves in this space. Here we consider the hyper- 
plane ¿= and a (simply connected) domain K contained in it. We 
assume that exactly one curve u = f (Hy, £) corresponding to a solution of 
the equations of motion passes through each point of K. A classification 
of these curves automatically yields a corresponding classification of their 
initial points in K. 

A point of K is called unstable.,, with respect to A c K if and only if 
arbitrarily small e-neighbourhoods of it contain points of A as well as 
points of K—A. 

It follows that the following classes of points of K are unstable with 

respect to A: 
(1) Points which are cluster points of A as well as cluster points of K—A; 
(2) isolated points of A which are cluster points of K—A; (3) isolated 
points of K—A which are cluster points of A. 

Theorem: On the basis of the assumptions of the preceding definition: 
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fA#6,AcK,A# K then there are points in K which are unstablezg, 
with respect to A. 


The circular pendulum behaves deterministically according to the 
criterion for stabilityız,. Questions of position and speed at time £ can be 
answered as exactly as desired if one measures the initial conditions with 
sufficient exactness. However the question of whether the pendulum will 
overshoot the top of the circle cannot be answered in all cases. The 
partition of trajectories into those which overshoot the top and those which 
do not creates a corresponding partition of the initial conditions compatible 
with the model and therefore also points of instabilityg,,. 


LIAPUNOV 
Here we can insert Liapunov’s definition of stability (see Hahn, 1959). 
The undisturbed motion y(t, œ), (x = (a1, ..., @n)) is called stable in 


relation to the set of parameters U = {a,,..., da} and the initial point žo 

when for each e>o such a 8>o can be found sò that for all t> tthe inequality 

| y(t, %)— y(t, «) | <e follows from the inequality | y(to, &o)— Y(t «) | <ô. 

(It is assumed that the components of y are continuous functions of aj, 
«s An). 

Geometrically this definition means that the values of the parameter « can 
be so restricted by the ö-inequality that the entire family of curves which 
satisfy this condition for t = tọ remain inside a cylinder with radius e 
around the undisturbed motion for all 2>t,. This definition of stability is 
so general that for each well defined model there are always several 
alternatives for applying it, depending on which parameters are introduced. 
For different choices of parameter one will generally obtain different 
results. If one chooses the initial values of position and velocity as para- 
meter %& = ES one obtains a criterion of stability which can 
be compared with the other criteria. This criterion defines stabilityr, 


RELATIONS BETWEEN THE INSTABILITIES 

Stability; implies stability; g, since the latter is nothing but continuity for 
each Ł> to of f (Ho, £) as function of jo, the former a continuity uniform in £ 
for all 2>t, of f(u, £) as function of py, and t. Stabilityız, neither implies 
stabilitygo nor vice versa. The first part of this statement is obvious, the 
second proved by the example of a plane cycloid pendulum which rests in 
equilibrium initially and at time fy is struck vertically to its plane by a 
wedge of exactly defined angle, length and momentum because it is 
unknown in which direction the pendulum will start to swing. As 
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Huyghens already discovered, the plane cycloid pendulum, i.e. a plane pen- 
dulum the mass point of which moves on a cycloid, has a period independent 
of its amplitude. Incidentally it provides a model of a motion stable in all 
three senses: Bo, ıBr, L.! 


POPPER 


We turn now to Popper’s (1950) explication of determinism. We will call 
it thesis F. 

For any specified finite prediction task, it is physically possible to construct a 
predictor capable of carrying out this task. (“Physically possible’ means ‘possible 
from the point of view of the system of physics under consideration’—for example 
classical mechanics) (p. 124). 

The concept ‘specified finite prediction task’ is explained as follows: 


The task of predicting, with some chosen and specified degree of precision, 
some event—i.e. the position and/or velocity of its particles—occurring in a 
finite mechanical system, sufficiently isolated from outside interference, at a 
certain chosen future instant of time. 

It is surprising that Popper did not introduce the analogous but simpler 
concepts of a finite measuring problem and a finite measuring machine 
along with the concepts of a finite prediction problem and a finite predic- 
tion machine. With the former concepts we can formulate a thesis M: 


For each finite measuring problem we can construct a mechanical 
measuring machine which solves this measuring problem. 


Presupposing M (and a good computer) and limiting the predictions to 
be made to predictions of position and velocity at a given time thesis F 
is equivalent to stability,,,. 

From this it follows that, even if we assume M, very simple situations 
can arise in which no prediction can be made. As a familiar example, one 
might consider idealised billiards with perfectly elastic balls and a table 
with elastically reflecting cushions as a model. Position and momentum 
of the balls at time ¢ are also in this case discontinuous functions of the 
initial quantities. The motion is unstable according to all of the given criteria. 

On the middle of page 132 Popper remarks: “These considerations 
assume classical particle mechanics—some kind of atomism without 
quanta.’ As this assumption was never mentioned in the preceding dis- 
cussion of interacting prediction machines it is not clear whether it is 
relevant. A few lines further on Popper maintains that in a continuous 
mechanical universe with unlimited divisible matter there must be a 


1 Besides the Ho one could of course also include the parameters of a model (length of a 
pendulum, Hooke’s constant of a spring etc.) in each of the definitions of instability. 
There seems to be no model which is still stable in all these stronger senses. 
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lower limit for the thickness of the measuring tentacles or else these would 
be too easily distorted. This remark does not seem convincing but together 
with the preceding it does raise the interesting question: does the validity 
of thesis M depend on whether we assume a continuous or an atomistic 
universe? 

It appears that in a continuous mechanical universe the thesis M holds. 
Each and every measurement apparatus could, by a similarity transforma- 
tion, be made as small as desired, whereby its exactness would be increased 
to any desired extent. This presumes of course that matter with suitable 
material constants (elasticity modulus, etc.) is at hand. 

But it also appears that there can be an atomic mechanical universe in 
which thesis M holds. It would then be an essential condition that the 
reaction of the observed body to the observation can be made as small as 
desired. This is the case when an arbitrarily small interaction can unleash 
a process in the measuring apparatus; and this again is possible when it is 
assumed that there are various sorts of atoms with various fields of such a 
kind that by suitably arranging them in space we can create arbitrarily 
shallow potential wells with exactly localised minima. In our universe 
under the laws of quantum mechanics this method is indeed untenable 
because of the tunnel effect. The particle in the potential well could 
break through the potential wall even without the presence of outer 
influences. 


DEAR 

Now a word about Dear’s work (1960). He analyses the measuring process 
in a more relevant way than Popper and he assumes thesis M (with a 
somewhat modified concept of measurement—it is not quite clear how 
much), but he fails to see that this does not rule out any of our previously 
discussed kinds of instability.! 


BOPP 
Bopp’s analysis (1961) of indeterminism in classical mechanics goes to 
the heart of the matter: 


In the foundations of classical mechanics there is a difficulty which was first 
brought to light by quantum mechanics. It originates therein: that for the deter- 
mination of position and momentum of mass points two temporally separated 
acts of observation are needed of which the second no longer observes the system 
in its original state of motion. 


1 So far we have spoken only of the classical mechanics of mass points or rigid bodies. 
Birkhoff (1950) has shown that in many situations in classical hydrodynamics instabilities 
also appear. 
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On the basis of the situation which follows from this, namely that in a 
system of N mass points only half of the 6N coordinates can be known, 
Bopp constructed a generalised statistics and arrived at a family of 
equations of motion one of which corresponds to Liouville’s equation of 
classical statistical mechanics while the others lead to quantum mechanics 
with various Planck-constants—thus indicating a direct path from in- 
determinism in classical mechanics to quantum mechanics. 


AVOIDING DISCONTINUITIES? 


Except for instabilitys, the discussed instabilities were all linked to some 
kind of discontinuity. Evidently a discontinuous curve can be approximated 
to any desired degree of accuracy by a continuous curve and vice versa. 
Measurements with a limited accuracy can never tell conclusively whether 
a certain empirically verifiable curve is continuous or not. This point has 
been made very clear by Braunbek (1950). 

It would seem therefore that the discontinuities encountered could be 
removed by some revision of classical mechanics. However, our theorem on 
pp. 250-1 uses only very general properties of this theory. Therefore it is 
hard to see how instability (of kind 2Br) with respect to classificatory 
questions could be avoided in a theory not fundamentally differing from 
classical mechanics. Also, a theory able to describe separation of a stream of 
particles into two or more spatially separated parts—a phenomenon which 
occurs when the particles strike an impenetrable surface with holes or the 
dual case of particles striking separate impenetrable surfaces situated in a 
plane—will necessarily lead to discontinuities. These are hard facts of 
topology. 

We are inclined to believe therefore that discontinuities, and hence 
instabilities in classical mechanics, or substitutes similar to it, are here to 
stay. 

However, there is another way of looking at these results. One may 
insist on continuity, thereby barring a large class of models. Under this 
assumption one finds that it is no longer possible to split a stream of 
particles neatly into two spatially separated classes. And this is very like 
what quantum theory tells us: namely that it is almost impossible to 
exclude with certainty the presence of a given particle in a fixed region of 
space-time.! 

1 For the sake of completeness I should like to mention two works dealing with in- 


deterministic systems capable only of a finite number of states: Stegmüller (1969) 


discusses Rescher’s (1963) in chapter 3 and, in chapter 7, introduces a finite analogue 
of quantum mechanics. 
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Discussions 


FURTHER RAMIFICATIONS OF ‘GRUE’ 


Dr Hesse (1969) has shown how a predicate such as ‘green’ may be seen to be 
entrenched in a theory rather than in a language. This entrenchment consists 
in the law-like relations between the predicate ‘green’ and other predicates in the 
theory; e.g. the particular wavelength corresponding to the colour green. The 
wavelength of light may be measured without reference to this colour, and it is 
this ‘check’ on greenness, as part of physical optics, that produces entrenchment 
of the predicate ‘green’ in the theory of light. 
The situation may be represented in the following manner: 


(a) (b) (c) 
Standard Object (1) Colour Name (1) Light Frequency (1) 
Standard Object (2) Colour Name (2) Light Frequency (2) 


and so on, column (b) exhausting the colours in an idealised version of physical 
optics, in which it is assumed that the colours are in a one-one relation to pure 
frequencies. 

The claim of the Grue speaker expressed in Green’s language is that at some 
time T the entries in column (b) will become permuted with respect to the entries 
in column (a). 

Hesse’s argument is that if the relation of column (b) to column (c) or its 
equivalent was unknown, or column (c) was held to remain unpermuted with 
respect to column (a), then the colour name change would be trivial. If, however 
the Grue speaker agrees that the entries in columns (a) and (c) become relatively 
permuted then since both are observable—the object perhaps by an inscribed 
name, the frequency by measurement—the allegation of change is empirically 
verifiable. And the Grue speaker is committed to a less simple hypothesis than 
the ordinary language speaker. Under these circumstances, and others to be 
shortly outlined, the Grue hypothesis and the Green hypothesis are obviously 
asymmetrical with respect to simplicity. 

I wish to extend the example and show that it is not necessary to identify the 
predicate ‘green’ with another observable property in order to achieve the effect 
of entrenchment. In contrast to Hesse’s example I will assume that frequency is 
not an observable quantity in the theory. Instead I shall assume that certain 
colour mixing laws, for example that the mixing of yellow and blue gives green 
(the additive mixing laws for light) are empirically verified. As mentioned, the 
example will be restricted to those colours exemplified by monochromatic light. 
The coloured objects will therefore be sources of this light, which may be mixed 
with the use of half silvered mirrors; one source seen through the mirror, the 
other seen by reflection. _ 

A second simplification will be to assume that the laws of mixing of mono- 
chromatic light may be derived in physical optical theory by use of a double 
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angle trigonometric identity. This relates the sum of two sinusoidal functions 
to the product of the sinusoidal functions of the half-sum and half-difference of 
the original arguments. Since according to classical physical optical theory light 
is propagated as a sinusoidally varying electromagnetic field, when two objects 
X and Y interact so as to mix the light coming from them, the resulting frequency 
is given by fy « y= (fxthy)/2- 

This approximation improves as the two frequencies approach one another. 
As the frequency mixing relation will be used as a constraint on colour language, 
and unidealised physical theory includes this among other constraints, the 
philosophical point is not distorted by the simplification. 

From the relation between columns (b) and (c) and the frequency mixing law, 
the colour mixing laws may be derived. From the relation between columns 
(a) and (b), statements of the form: 


When light from objects (X) and (Y) are mixed the resultant light is similar 
in colour to object (Z) 


may be derived. It is these statements which, it will be presumed, are known as 
experimentally true. 

If, as the Grue speaker claims, after the critical time T colours of objects 
change non-trivially then the column (a) must in fact be permuted with respect 
to column (c) although this fact cannot be directly observed. With respect to 
column (c) let Grue’s predicted mapping from the post permuted to the pre- 
permuted arrangement of (a) be M. If the object interaction relations are to 
remain homomorphic with the frequency mixing laws, then M must satisfy the 


condition 
KAM) = Mfz+Mf) (1) 


which is only satisfied if M is a simple numerical multiplier. Hence to preserve 
the colour mixing laws, Grue will havetosacrifice a colour at oneend of thespectrum 
and gain an unnamed colour at the other. For example if green does become 
blue as Grue claims, then M will be the multiplier of value approximately 5/6. 
Contrary to Grue’s further claim about the predicate ‘Bleen’, blue will become 
indigo or the colour mixing laws will be violated. At the same time violet will 
become ultra-violet, giving the name ‘violet’ no visible reference, and infra-red 
will become red, which colour will have no colour name. 

The colour mixing laws are not the only laws derivable in physical optics. 
The laws of diffraction may serve to entrench colour names by specifying the 
angle of diffraction of the light of each colour through a particular grating or 
prism. But the laws of diffraction are non-linear with respect to frequency, 80 a 
fourth column (d) may be added to the table above. If the relations between 
diffraction angles through various prisms for pairs of colours are to be unaltered 
after time T, then Grue’s mapping M must satisfy a non-linear relation as well 
as (1). The only one-one mapping satisfying both linear and non-linear con- 
straints is the identity mapping, that is, no colour name change at T. 

If on the other hand the object interaction relations do not remain homo- 
morphic with the frequency and dispersion angle relations, Grue will be hard 
put to produce an alternative physical theory as comprehensive yet as simple 
as Green’s. 

Of course the column (c) and probably (a) are in fact not integral but dense, 
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although column (5) hardly does justice to this fact. This does not change the 
conclusion that Grue cannot permute the colour words in such a way as to 
preserve colour interaction relations. Hence his prediction is less simple than 
that of the ordinary English language speaker. 


G. M. K. HUNT 
King’s College Cambridge 
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FEYERABEND’S SOLUTION TO THE GOODMAN 
PARADOX 


Feyerabend (1968) argues that negative instances suffice in science. No appeal 
needs to be made to the positive instances of a hypothesis. In particular, re- 
jecting positive instances, Feyerabend believes that both the paradox of con- 
firmation and Goodman’s paradox can be seen to be ‘no problems at all, but 
can be solved in a line or two’. The purpose of this present note is to show that 
the Goodman paradox cannot be solved in this manner. 

‘Since Feyerabend’s ‘solution’ to the Goodman paradox is very brief, I quote 
itin full: 

Goodman’s paradox may be put as follows: compare the hypothesis 


(x)[Rx— Bx] (all ravens are black) (ii) 
with the hypothesis 
(x)[_Rx— B’x] (all ravens are blite) (iii) 


where the predicate ‘blite’ is defined as ‘black, if found before midnight 
tonight, white otherwise’. Assume that all ravens found until now are black 
(and therefore also blite). Now according to the common way of looking 
at the matter (common among experts, not among normal people!) hypo- 
thesis (iii) will be strongly confirmed, but at the same time we are invited to 
disregard it and to choose (ii) instead (black ravens found make it very un- 
likely that a few hours from now we shall find white ravens). This is as clear a 
refutation as can be desired of the idea that a hypothesis can be confirmed, 
and that the confirmatory force lies in its positive instances. There is again 
no trouble if we consider negative instances only. 

This proposed solution fails on two counts. First, Feyerabend’s claim that 
the common view among experts is that hypothesis (iii) is confirmed by its 
positive instances is simply false. Surely part of the force of the Goodman 
paradox is that no one, not even the experts, would accept (iii) as confirmed by 
its positive instances. Yet, Hempel’s theory of confirmation yields this un- 
acceptable result.! Hence, Hempel’s theory needs to be revised. Because of 
hypotheses like (iii) Goodman argues that not all hypotheses are confirmed by 
their positive instances. Black ravens found before midnight tonight do not 


1 Unacceptable even to Hempel. See his (1965) Aspects of Scientific Explanation. New 
York: The Free Press. Pp. 50-1. 
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confirm (iii).1 So, pace Feyerabend, the “experts’” reason for selecting (ii) is simply 
that (ii) is, and (iii) is not, confirmed by its positive instances. But since it is false 
to attribute to the ‘experts’ the view that (iii) is confirmed by its positive in- 
stances, this false attribution cannot be used to support the thesis that no hypo- 
thesis can be confirmed by its positive instances. Goodman has claimed, I 
believe correctly, that positive instances of (ii) increase its credibility, while 
positive instances of (iii) do not increase its credibility. Hypothesis (ii) is pro- 
jectible while (iii) is not, and only projectible hypotheses can be confirmed by 
their positive instances. Nothing that Feyerabend has said casts any doubt on 
this claim. 

Second, Feyerabend is also mistaken in his belief that there is no trouble 
if we consider negative instances only. The Goodman paradox originally arose 
because it was shown that from positive instances describing the same obser- 
vations we could always generate conflicting hypotheses (like (ii) and (iii)) which, 
given Hempel’s theory of confirmation, were thereby confirmed. To this paradox 
Goodman proposes a solution which, in effect, keeps the notion of a positive 
instance, combines it with that of a projectible hypothesis, and yields as a 
result that only projectible hypotheses are confirmed by their positive instances. 
We are thus given a way to eliminate hypotheses like (iii) in favour of ones like 
ii). 

Feyerabend, however, suggests that if we reject all confirmation by positive 
instances the Goodman-paradox cannot get off the ground. But this suggestion 
seems clearly false. Goodman’s paradox is striking because it shows that theories 
of confirmation, such as Hempel’s, do not allow us to select any one prediction 
over its negation. But exactly the same situation arises if we consider only 
negative instances. Consider the examples again. Neither (ii) nor (iii) has any 
negative instances. By appealing only to negative instances we have no basis 
whatever for selecting (ii) over (iii). Hence, something in addition to negative 
instances must be appealed to if we want to give some account of the selection 
of any given prediction over its negation; for it is obvious that for any intuitively 
acceptable hypothesis which has no negative instances we can construct a 
blite-like hypothesis which also has no negative instances and which conflicts 
with the original hypothesis for all unexamined cases.? So, by appealing only 
to negative instances, the Goodman paradox appears again, and nothing Feyera- 
bend has said either provides a solution to the paradox or shows that negative 
instances alone suffice in science. 


LAWRENCE FOSTER 
University of Massachusetts 
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1 To be more precise our evidence should be construed here as sentences asserting 
that the examined ravens are blite. However, since nothing in this note hinges on such 
a construal of the evidence we shall talk about the evidence as black ravens. 

* A similar point has been made by Goodman. Sec his (1961) Safety, strength, simplicity. 
Phil. Sci. 28, 150-1. 
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A NOTE ON ALAN GAULD’S ‘COULD A MACHINE 
PERCEIVE?’ 


Alan Gauld (1966) attacks the currently most fashionable ‘centralist’ position 
in psychology, that of cybernetic modelling. He shows, in my opinion quite 
correctly, that computers in their present form cannot model even quite ordinary 
features of human behaviour. He later makes the further, and I think incorrect, 
assumption that if computers cannot model behaviour there is no point in 
applying engineering concepts and principles to the understanding of human 
behaviour. 

To criticise the approach of psychologists who use concepts derived from 
computer technology simply because computers cannot model all the features 
of a human being is to hold that the relationship between theory and model in 
science is necessarily symmetric. Achinstein (1964) points out that this account 
of models leaves out the largest number of cases, in which an object described 
in a particular theory is compared with another object only in certain respects. 
He instances Bohr’s model of the atom, which draws analogies between the 
structure of the atom and the solar system, but not in every respect. For example, 
planets reflect light, yet this does not correspond to properties ascribed to 
electrons in the Bohr theory. (Achinstein and also Swanson (1966) accept that 
models function as metaphors, i.e. that there is no decision procedure for apply- 
ing models, but in their eagerness to avoid psychological accounts of models they 
both attempt to set up a decision procedure for their use!) Whether or not applying 
engineering concepts to problems of human behaviour can be fruitful is an 
empirical question, and cannot be answered by showing that computers do not 
satisfactorily model aspects of human behaviour. 

A typical theory making use of cybernetic concepts is Welford’s single- 
channel theory (1967). When two stimuli are presented in rapid succession the 
time taken to respond to the second is usually delayed. Welford’s theory proposes 
that the brain acts as a single-channel decision mechanism, so that the subject 
can attend to only one event, whether from internal or external sources, at a time. 
In that it deals with hypothetical mechanisms underlying observed behaviour 
the theory is essentially a physiological one. It does not constitute an ‘odd-job 
for physiologists’ (Gauld, 1966, p. 58) but is in itself a physiological theory of the 
‘block-diagram’ type, whereas typical physiological accounts are of the ‘blue- 
print’ type. 

Gauld considers reaction-time studies trivial. Admittedly they are not very 
exciting to carry out, but they constitute an important approach to the analysis 
of skilled performance. The question here is what kind of a system would account 
for such performance. Considering man as an information processing system has 
established the serial nature of many skilled tasks and has gone on to ask the 
question, if there is a limiting component in performance, how does the skilled 
operator overcome this basic limitation? Some philosophers (Polanyi, 1958, for 
example) have regarded this molecular kind of approach as invalid, largely 
because the operator cannot introspect into his own performance. But the molar 
approach to skills tends simply to emphasise what we already know—that practice 
makes perfect or that knowledge of results is essential to learning (in other words 
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you will be unable to learn a skilled response if you do not know what the response 
is supposed to be). Nor can the molar approach tell us very much about the kind 
of system on which skills depend. 

Gauld’s essential position is that an individual’ s behaviour can only be under- 
stood by discovering the concepts in terms of which he is working. Yet there are 
many important cases in which the individual fails to reach the performance of 
his peers though he is seemingly in possession of the relevant concepts. 

A cerebrally palsied child of 8 or g may be unable to copy a diamond from a 
two-dimensional drawing. He can make all the necessary separate motor move- 
ments and can visually discriminate diamonds from squares, triangles or circles. 
Furthermore he knows that his imperfect copy does not match the model, 
whereas a child of 3 or 4 years seems to regard his scribbles as perfect copies. 
In other words, though he understands both the concept of a diamond and the 
concept of copying, his performance is still deficient (see e.g. Abercrombie, 
1965). 

In summary, the fact that computers cannot model even essential features of 
human action does not prevent the use of engineering concepts in psychology, 
since performance may be limited in more ways than simply by a person lacking 
the relevant concepts. 

BILL JONES 
University of Sheffield 
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Reviews 


THE ENCYCLOPEDIA OF PHILOSOPHY 


Epwarps, Paul (1967) The Encyclopedia of Philosophy. 8 vols. New York: 
Macmillan Co. and The Free Press. London: Collier-Macmillan Ltd. £117. 


The only single individual who could without presumption claim first-hand 
acquaintance with the whole of this Encyclopedia is its Editor-in-Chief, Professor 
Paul Edwards, No attempt to review it should begin without paying tribute to 
the immense scale and undoubted success of his achievement. In a few years 
he has marshalled the resources of the philosophical world to produce a mile- 
stone in the history of philosophy, which will be studied now as a concise and 
lucid reference book of concepts, arguments, and bibliography, and in the future 
as an epitome of mid-twentieth century philosophy. No such enterprise could 
(or perhaps should) be entirely global in scope and emphasis, and there will 
undoubtedly be complaints that some philosophical traditions have been rela- 
tively neglected, but in its coverage of the history of philosophy and of current 
issues in at least the ‘Anglo-Saxon’ philosophical style, it is difficult to see what 
major changes of editorial policy would have been uncontroversially for the 
better. There are of course a few oddities of selection, of which perhaps the 
wryest is a brief but fair and perceptive six columns on POPPER (Anthony Quin- 
ton) immediately followed by thirteen columns on POPPER-LYNKEUS (Paul 
Edwards), of which the second sentence begins ‘Now almost completely for- 
gotten, ...’ (6-401). (All references will be given by volume and page numbers.) 
This reviewer can only hope to touch on some of those articles which are more 
or less directly related to the history and philosophy of science. The proportion 
of articles so related turns out to be unexpectedly large; for example, of more than 
goo individuals treated, nearly 100 turn out to be present chiefly because of their 
contributions to ideas and concepts in the sciences. Thus, AMPRRE, COPERNICUS, 
FRANKLIN, HARVEY, HELMONT, and several others would hardly have found a place 
if ‘philosophy’ had been more narrowly conceived, but most of them fully 
justify the space found for them once it is admitted that philosophy (specially 
epistemology) and scientific ideas are closely interrelated. So much emphasis 
on what is believed in science to be the case, as opposed to conceptual analysis 
of what can and cannot be said, is still regarded with suspicion in some philo- 
sophical circles, and one may hope that the Encyclopedia both reflects and will 
reinforce increasing liberality about what is the philosopher’s proper concern. 
Such liberality is reflected not only in the choices of articles and contributors, 
but also in some more purely philosophical articles; for example there are careful 
accounts of scientific results in many of the articles devoted to the mind-body 
problem; good summaries of their science and philosophy of science appear in 
the articles on the classic philosophers, particularly in ARISTOTLE (G. B. Kerferd), 
DESCARTES (Bernard Williams), LEIBNIZ (L. J. Russell) and kant (W. H. Walsh); 
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and Williams includes in his RATIONALISM a section on method in seventeenth- 
century science, 

Generalities apart, I shall concentrate in this review on the following groups 
of articles: problems in the philosophy of science, history and concepts of the 
physical, biological and social sciences, and more general logical and epistemo- 
logical issues related to the philosophy of science. 


PROBLEMS IN THE PHILOSOPHY OF SCIENCE 


Two long articles are entitled PHILOSOPHY OF SCIENCE, one on its HISTORY (R. 
Harré), the other on its PROBLEMS (Arthur C. Danto). Harré describes the 
polarity of views represented first by the Mill-Whewell controversy, and sub- 
sequently in the opposition between positivism, Humean causality and instru- 
mentalism, versus theoretical realism and causal necessity. That his sympathies 
lie far towards the second pole is a useful counter to the spirit of most of the other 
articles in this area, which adopt a more traditional and formal point of view. 
(WHEWELL himself, incidentally, gets very brief notice, but for this editorial 
policy rather than Robert Blanché may be responsible.) Danto’s viewpoint is 
one of the more traditional. He sees the problems of philosophy of science as 
encompassed by discussion of terms, laws and theories in a more or less deduc- 
tivist framework, and consequently hardly mentions induction as one of the 
problems, although it is coming to be increasingly important in the attempt to 
replace deductivism by more adequate accounts of the structure of science. Peter 
Caws on SCIENTIFIC METHOD concentrates in more inductivist fashion upon the 
history of method from Descartes to Carnap. Particular problems are taken up 
in articles on movements in philosophy of science: CONVENTIONALISM (a detailed 
and critical account by Peter Alexander), OPERATIONALISM (G. Schlesinger—a 
useful exposition, but he does not discuss the basic assumption of operationalism 
that there is a radical distinction between observational and theoretical terms), 
POSITIVISM (the history to Mach, by Nicola Abbagnano), LOGICAL POSITIVISM 
(John Passmore), and the VERIFIABILITY PRINCIPLE (R. W. Ashby). This last is 
more than an historical exposition, but suffers from too uncritical acceptance of 
the notion of ‘semantic rules’ relating descriptive language to the world, which, if 
these rules are themselves linguistic, seems to introduce a vicious regress only 
to be stopped by deeper epistemological analysis. Articles on EXPLANATION IN 
SCIENCE (Jaegwon Kim), LAWS AND THEORIES and MODELS AND ANALOGIES IN 
SCIENCE (Mary Hesse), and CRAIG’S THEOREM (Max Black—a very useful philo- 
sophical critique) explore various aspects of the deductive model of science and 
its shortcomings. B. Ellis contributes an excellent discussion of MEASUREMENT. 
Richard Taylor on CAUSATION confines his discussion to Mill-type efficient 
causes, and does not consider the concept of causality in relation to scientific 
theories. His conclusion that ‘it is doubtful whether anyone can render an ade- 
quate analysis of the causal relation without [the idea of necessary connection]’ 
(2-66) seems to rely on ‘the common sense of mankind’, and does not take account 
of the possible effect of different types of scientific theories on traditional 
problems about causality. For example, in considering whether an effect can 
precede its cause, it is by no means obvious that an otherwise satisfactory physical 
theory such as that of advanced potentials in electrodynamics might not be 
relevant. At any rate it cannot be ruled out of physics a priori on the ground that 
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it involves in some sense causality reversed in time. The nature of causal laws 
in science is more specifically discussed in careful articles by R. S. Walters: 
CONTRARY-TO-FACT CONDITIONAL and LAWS OF SCIENCE AND LAWLIKE STATEMENTS. 

The group of articles on inductive logic and related problems reflects the 
underdeveloped state of this topic in comparison with deductive logic, to which 
a great deal of space is devoted. Max Black (INDUCTION) remarks that the formu- 
lation of inductive canons is a ‘not distinctively philosophical’ task (4-170), and 
there is no entry devoted to inductive logic. (Is recursive function theory ‘dis- 
tinctively philosophical’?) The tender plant of inductive logic is, however, 
briefly described in CONFIRMATION, QUALITATIVE ASPECTS (Carl G. Hempel) and 
CONFIRMATION, QUANTITATIVE ASPECTS (Frederick Schick), as well as in the articles 
on CARNAP (Norman M. Martin), KEYNES (D. Stove), and others. Max Black on 
PROBABILITY devotes too much space to the common uses of the term, which 
come in twenty-seven varieties, and too little to more sophisticated applications 
of decision theory and statistics to the problem of confirmation. Many of his 
objections to coherence as a criterion of rational belief (6-477) can be evaded if 
utilities are introduced. DECISION THEORY does, however, receive expository 
treatment by Patrick Suppes. Particularly notable among the articles in this 
group is MILL’S METHODS OF INDUCTION (J. L. Mackie). This is a long, detailed, 
and quite original discussion of the logically possible variants of Mill’s methods, 
and the precise sense in which they presuppose uniformity of nature. It consti- 
tutes one of the first attempts to spell out in the necessary detail the explicanda 
requiring explication in the adequate inductive logic we do not yet have. The 
troublesome problems of this ‘new riddle of induction’ which have been un- 
covered by Nelson GOODMAN receive attention in Richard Rudner’s article on 
that philosopher, but in rather too brief and abstract a fashion for easy assimila- 
tion. 


HISTORY AND CONCEPTS OF THE PHYSICAL SCIENCES 


The physical sciences receive generous coverage. Among the articles on physical 
concepts, those by Milič Capek (CHANGE, DYNAMISM), and M. Jammer (ENERGY, 
FORCE, MASS, MOTION) are more successful historically than philosophically. 
Jammer remarks, for example, that the ‘greatest physical discovery of the nine- 
teenth century’ was that ‘mechanical work, heat, and electricity were only 
different forms of one and the same physical substratum’ (2-515). But this diffi- 
‘cult claim is supported only by extensive quotation from nineteenth-century 
writers, which, though interesting in itself, is no substitute for detailed conceptual 
analysis of the ontology presupposed. Again, his article on Mass and Capek’s on 
CHANGE hardly give adequate consideration to the significance of conservation 
principles for philosophical theories of substance, and this is touched upon only 
superficially by Stephen E. Toulmin in MATTER. Perhaps the most philosophically 
successful of this group of articles are cosmoLocy (Milton K. Munitz), and 
NEWTONIAN MECHANICS AND MECHANICAL EXPLANATION (Dudley Shapere). 
QUANTUM MECHANICS is held by Norwood Russell Hanson to constitute a 
‘deep departure from philosophical tradition’ (7-48), but in a long article he 
does not quite succeed in expressing exactly what that departure is. His COPER- 
nicus, however, is one of the most philosophically sophisticated of the articles 
on individuals in the sciences. In RELATIVITY THEORY, Adolf Griinbaum discusses 
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the special theory interestingly and at length, but is disappointingly sketchy on 
the general theory. The biographical article on EINSTEIN (G. J. Whitrow) also 
gives only brief attention to this, and in general is not very informative on 
Einstein’s philosophy of science, which has had considerable subsequent in- 
fluence in controversies about both positivism and determinism. Philosophical 
issues are discussed in more detail in GEOMETRY (Stephen F. Barker), and SPACE 
and TIME (J. J. C. Smart). Too many of the individual characters in the history 
of physics are dealt with in purely historical expositions without conceptual 
discussion. Notable exceptions to this general comment are, however, John 
Passmore on BOYLE, and S. Drake on GALILEO. One wonders why JEANS (G. C. 
Nerlich) rated an entry, but the same author’s EDDINGTON contains useful ex- 
position and criticism. 


HISTORY AND CONCEPTS OF THE BIOLOGICAL AND SOCIAL SCIENCES 


On the biological and social sciences, this reviewer can only be arbitrarily selec- 
tive. There is an excellent group of articles in the philosophy of biology by 
Morton O. Beckner: BIOLOGY, DARWINISM, MECHANISM IN BIOLOGY, ORGANISMIC 
BIOLOGY, TELEOLOGY, and VITALISM. Of these, the first is an exceptionally original 
account of the character of biological autonomy, and particularly of the limita- 
tions of deductive explanation in biology. Beckner applies usefully the notion of 
polytypic or family resemblance concepts (those for which necessary and suffi- 
cient criteria cannot be given), and also discusses the notion of implicational 
explanation in biology. For example, an explanation of fish being in the lake is 
that the lake has been seeded, that there is no other sufficient cause, and that 
there is no counter-cause. If explanation is deductive it is implicational, but not 
always conversely, because the assertion that there is no counter-cause, which is 
required for deduction of the effect, may be known only because the effect has 
been observed. Thus implicational explanations may not be predictive. These 
analyses are important and have wider relevance than the purely biological. 
T. A. Goudge has a set of more historically and scientifically oriented articles on 
EMERGENT EVOLUTIONISM; LIFE, ORIGIN OF; and several individuals in the history 
of biology including DARWIN. 

Contrary to the Editor’s usual policy (1-xi) the article on PSYCHOLOGICAL 
BEHAVIORISM (Charles Taylor) is written by someone unsympathetic to this 
school. The change of policy is not a success, Universally admitted difficulties in 
the early type of stimulus-response theory are held to support a currently 
fashionable philosophical dualism of ‘action’, ‘intention’ and the like, as opposed 
to overt behaviour. Taylor mentions belatedly the newer ‘centralist’ version of 
behaviourism, which allows reference to brain and nervous processes, but this 
does not lead him to perceive that many of his ‘philosophical’ objections to 
S-R theory could in principle be overcome in centralism, and by no means 
necessarily lead to dualism. The excellent article by R. S. Peters and C. A. 
Mace on PSYCHOLOGY is much more balanced in this respect. Other notably 
good articles in this area are PSYCHOANALYTIC THEORIES, LOGICAL STATUS OF 
(W. P. Alston) and GESTALT THEORY (T. R. Miles), although in the latter an anti- 
reductionist view seems to be inferred too quickly from the fact, if it is a fact, 
that common perception is of gestalten. Ontological reduction to physico- 
chemical theory cannot be refuted by the character of the epistemological 
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starting point. On the wilder shores of psychology there are informative, critical, 
but perhaps over-long articles on ESP PHENOMENA (C. W. K. Mundle) and 
PRECOGNITION (Anthony Flew). 

In the area of history and the social sciences I have noticed as particularly 
thorough and constructively critical HISTORICAL EXPLANATION (Rudolph H. 
Weingartner) and HOLISM AND INDIVIDUALISM IN HISTORY AND SOCIAL SCIENCE 
(W. H. Dray), but I cannot hope to do justice to the many other contributions 
in this field. 


SOME EPISTEMOLOGICAL ISSUES 


Turning now to more purely epistemological issues, a group of articles on the 
mind-body problem take different stands on the relation between the philo- 
sophical and scientific aspects of the problem. In a thorough and careful dis- 
cussion of the MIND-BODY PROBLEM, Jerome Shaffer seems to favour a tentative 
dualist view, arguing against the identity theory, for example, that ‘it makes no 
sense to ask where in the body the thought occurred’ (5-339), and that although 
all philosophical theories presuppose mind-brain correlations, discovery of 
these does not count as supporting one theory rather than another. Ockham’s 
razor should perhaps be allowed a sharper cutting edge here, and as for the appeal 
to what ‘it makes sense to ask’, G. N. A. Vesey shows a less linguistic spirit in 
VOLITION by allowing that newly observed empirical facts in this area may suggest 
an ‘extension of everyday speech’ (8-260). Keith S. Donellan in REASONS AND 
CAUSES remains at the level of search for linguistic and logical connections. A 
philosopher of science can only regret the ‘extraordinary interest taken by recent 
philosophy in the concept of human action’ (7-88) which produces such narrowly 
culture-dependent analyses. Andrew Oldenquist in CHOOSING, DECIDING, AND 
DOING is more judicially in the linguistic camp, and points out, as does Richard 
Taylor in DETERMINISM, that recent discussions on ‘action’ demand reformulation 
of the freewill problem, since they have undermined the assumption that actions 
are events in the physical causal chain. That it gives a new approach to inter- 
pretations of freewill is perhaps the strongest argument for this type of dualism, 
but the argument is only weakened by denial to scientific theories of competence 
that they quite clearly have in relation to mind, brain and body. A careful weighing 
of the scientific and logical aspects of a problem in this area is Oldenquist’s SELF- 
PREDICTION, in which he contemplates with equanimity the possibility that 
decisions are caused, and that given sufficient knowledge of causal processes 
other persons’ decisions might in principle be predicted, although this does not 
entail that we may predict our own, since the act of predicting may be a causal 
factor in the process leading to the decision. 

Causal processes are also given full weight in R. J. Hirst’s excellent PERCEP- 
TION. Considering the ‘interpretations’ of external data that are revealed by 
scientific investigation, he is led to reject the direct realist’s identity of external 
object and the content of perceptual consciousness. But ‘perceptual conscious- 
ness is introspectively a whole’ (6-86), and the nature of the ‘interpretations’ is 
not given by subjective phenomenological analysis, but by genetic hypotheses 
about brain processes and the like. Such a dualist view is, as he points out, 
quite compatible with some form of identity theory of mind and body. In PRIMARY 
AND SECONDARY QUALITIES the same author rests the alleged distinction between 
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these two types of quality on the possibility of intersubjective measurement 
rather than on apparent objectivity of sensed qualities. He does not, however, 
fully bring out the relativity of even this distinction to the type of science in terms 
of which the measurements are interpreted. Our measurements of colours are 
carried out in terms of spatial positions and lengths, but it is not logically im- 
possible that some future physics might take colours to be primary, and spatial 
qualities secondary. There seems not to be a distinctively philosophical problem 
here. 

On general problems surrounding empiricist epistemology, Richard M. 
Rorty’s RELATIONS, INTERNAL AND EXTERNAL is exceptionally good. In an English 
philosophical climate which has been unsympathetic to, and sometimes unacquaint- 
ed with, any form of idealism for more than half a century, his careful delineation 
of issues and bibliography is especially useful. He also shows more awareness than 
other contributors of the fact that ‘empiricism is presently in a state of crisis’, 
and that work such as Quine’s on the analytic-synthetic distinction indicates 
that ‘the crisis revolves precisely around the validity of the distinctions which 
empiricists have traditionally invoked against the thesis of the internality of all 
relations’ (7-128). D. W. Hamlyn is more conservative in EMPIRICISM; EPISTE- 
MOLOGY, HISTORY OF; ANALYTIC AND SYNTHETIC STATEMENTS, and other articles 
on these very empiricist distinctions. For him there is no crisis in empiricism, 
only the need to shore it up against Quinean onslaughts. Recent developments in 
philosophy of science do, however, show unmistakable elements of rationalism 
and idealism, both in the thesis that observational descriptions are ‘theory-laden’, 
and hence not invariant to changes of theory, and also in the relatively a priori 
criteria according to which theories must be judged to be ‘best fits’ to the ‘facts’, 
when those facts themselves are shifting sand. Both these theses have one of 
their points of origin in the work of QUINE, but the article by C. F. Presley on 
that philosopher does not quite succeed in bringing out the potentially radical 
character of his epistemology. Its apparent circularities and idealist overtones 
certainly require deeper analysis, and little help in regard to them is to be found 
in the Encyclopedia. ıDEALIsM (H. B. Acton), COHERENCE THEORY OF TRUTH 
(Alan R. White), CORRESPONDENCE THEORY OF TRUTH (A. N. Prior), and EXPERI- 
ENCE (P. L. Heath) are careful studies of traditional views, but do not notice 
recent developments in analysis of science which may well transform the episte- 
mological scene in the next few decades. Strong interaction between science, 
epistemology and ontology is welcomed by W. H. Walsh in METAPHYSICS, 
NATURE OF, a thoughtful article which concludes that even so there are autonomous 
metaphysical questions about ‘way(s) of speaking which will enable us to express 
the true nature of the world’ (5-306). 


MISCELLANEA 


The nascent science of structural linguistics receives brief attention in LANGUAGE 
(W. P. Alston), SYNTACTICAL AND SEMANTICAL CATEGORIES (Yehoshua Bar-Hillel), 
and SEMANTICS, HISTORY OF (Norman Kretzmann—a very long and valuable 
survey). METAPHOR (Monroe C. Beardsley) is a deep and wide-ranging article 
on an aspect of language not yet incorporated in any adequate semantics, but 
which may come to have important application in understanding the nature of 
linguistic meaning-relations in general, and also the structure of theoretical 
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language in science. Beardsley outlines various theories of metaphor, but does 
not question the fundamental literal-metaphorical distinction presupposed in 
most of them. In the light of recent objections to a related distinction between 
observational and theoretical terms in science, it is possible that more critical 
attention to what is meant by the ‘literal’ might result in progress in this difficult 
area of linguistics. 

Two articles in philosophy of religion should be mentioned. RELIGION AND 
SCIENCE (J. J. C. Smart) is a not very profound survey of the issues between them, 
of which Smart finds the doctrines of immortality and the efficacy of prayer the 
greatest stumbling blocks. He is surely right to maintain, against many recent 
religious apologists, that there are real philosophical conflicts here, but one could 
wish that his arguments were a little less ad hominem. Most apologists are sitting 
ducks anyway. Anthony Flew’s MIRACLES contains a long and rather confusing 
account of Hume on the nature of historical testimony, but brings out well the 
paradox that belief in miracle as spectacular exception to the laws of nature 
both presupposes a strong view about laws, and is difficult to reconcile with it. 

In conclusion, I should like to record that my own experience in using the 
Encyclopedia for quick recapitulation of, or entry into, specific topics has been 
uniformly rewarding. If an article sought is not present the excellent index 
usually leads to relevant parts of other articles, although the cross-referencing 
at the end of each article is patchy. The historian and scholar will also find 
invaluable the series of articles by William Gerber; PHILOSOPHICAL BIBLIO- 
GRAPHIES, PHILOSOPHICAL DICTIONARIES AND ENCYCLOPEDIAS, and PHILOSOPHICAL 
JOURNALS. Finally, if as the Editor fears there exist persons who believe that 
philosophy and laughter are incompatible (1-x), they should be recommended 
to turn to P. L. Heath on CARROLL, LEWIS; and NOTHING. Others will do so any- 
way. 

MARY HESSE 
University of Cambridge 


Lakatos, Imre, Ed. (1968) The Problem of Inductive Logic. Amsterdam: North- 
Holland Publishing Company (Studies in Logic and The Foundations of 
Mathematics). 105s. Pp. viii+417. 


This is the second volume of the proceedings of a colloquium in the philosophy 
of science held at Bedford College in London during July of 1965. The principal 
contributions were by well-known philosophers and are uniformly interesting. 
Each is here followed by the comments of other participants, and these in turn 
by replies by the authors of the papers commented upon. The quality of the 
comments is uneven. Those that are offered in the spirit of the original contribu- 
tion are often incisive and illuminating (e.g. Hacking’s comments on Salmon’s 
paper, Carnap’s on Hintikka’s and Hintikka’s on Carnap’s). But too many of the 
commentators dismiss the problem at issue, and propose instead to demonstrate 
that the approach being taken is misguided. These analyses are not compelling. 
The book would have been better without them. 

Counting the editor’s extension of his own conference remarks, there are 
eight papers, all but two developing some thesis or examining some problem 
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in inductive logic. (The two exceptions are Freundenthal’s discussion of what he 
calls realistic models in probability theory—'models of reality to which prob- 
ability can be applied’ (7}—and Lakatos’ analysis of Carnap’s logic of induction.) 
Salmon considers several approaches to the problem of the justification of 
induction and concludes that the most promising is Reichenbach’s project of a 
pragmatic vindication. He concedes that the project has bogged down, that he 
cannot now identify any grounds singling out Reichenbach’s straight rule—which 
Salmon is convinced is the only sound principle of inference—as superior to 
all others. Carnap, in his paper, is also concerned with the problem of justifi- 
cation. He conceives of this not (as Salmon does) as the problem of sustaining 
our principles of inference, but rather as that of sustaining our principles of con- 
firmation, or logical probability. In his terminology, a credence-function is a set of 
degrees of belief. Carnap adopts coherence (in Ramsey’s and de Finetti’s sense) 
and strict coherence (Shimony’s narrower concept) as criteria of the rationality 
of credence-functions, and he points out that these criteria imply that the degrees 
of (null) confirmation of the propositions involved must satisfy the familiar 
principles of probability theory and also his own principle of regularity. A 
credibility-function is a set of conditional degrees of belief. Carnap takes sym- 
metry (invariance with regard to individuals) to be a criterion of the rationality of 
credibility-functions. He holds that this implies that the corresponding degrees of 
(conditional) confirmation must also satisfy the principle of symmetry, and that 
other invariance principles for confirmation theory can be established in the 
same manner. Carnap then comments briefly on what he calls the epistemo- 
logical question: the question of the sorts of considerations to which one is 
entitled to appeal in justificatory arguments. 

Jeffrey holds that a person’s credence-function is sound only if, in addition 
to satisfying the Carnapian requirements, it squares in a specific way with that 
person’s desirability-function over the same set of propositions. (This point is 
elaborated in Jeffrey’s The Logic of Decision.) He also argues that the revisions 
we must make in our credence-functions in response to new experience do not 
presuppose the adoption of any categorical beliefs regarding that experience. 
Philosophers have often supposed otherwise, convinced that our uncertainties 
cannot be appropriate to the circumstances unless they are based upon what we 
in fact are certain of (and thus believe) in the case. Jeffrey suggests that we 
learn to maintain some degrees of belief and not others in the process of learning 
the language we speak, and that the appropriateness of our credence-functions— 
and so also of our revisions of our credence-functions—is a measure of the full- 
ness of our grasp of that language. Having appropriate degrees of belief is a 
matter of training. Jeffrey admits that his position blurs the distinction between 
linguistic and factual considerations, but he thinks it does so ‘in a perfectly 
realistic way, corresponding to the intimate connection between the ways in 
which we experience the world and the ways in which we speak’ (179). 

Kyburg argues the need for an inductive rule of detachment. A rule of detach- 
ment is a rule that warrants our (categorically) believing one proposition on the 
grounds of beliefs in each of a set of others. When the conjunction of the latter 
propositions does not deductively imply the former, the rule is an inductive rule 
of detachment. To ask whether we need some such rule is in effect to ask whether 
we need a logic of inductive inference (supplementing a logic of credence- 
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functions, or of confirmation). Kyburg is convinced that if we want to make sense 
of our epistemic activities, we cannot do without a logic of this sort. 

These four papers develop positions set forth by their authors in previous 
publications. The papers by Hintikka and by Hesse also expand upon earlier 
work, but the results here are somewhat unexpected, and in my opinion their 
papers are consequently the most rewarding in this volume. 

Hintikka’s recent work has shown that a confirmation theory constructed in a 
certain way along Carnapian lines will provide, in the proper circumstances, for 
the assignment of high degrees of confirmation to universal generalisations even 
in very large universes. He now points out that, on his analysis, the degree of 
confirmation of generalisations is responsive not only to the enumeration of 
positive instances, but also to the elimination of competing generalisations 
incompatible with the evidence collected. It turns out to be possible to weigh 
the distinctive contributions of enumerative and eliminative considerations at 
the various stages of an inquiry. Hintikka reports on his results in detail. They 
are, by and large, what we would have wanted them to be. What impresses one 
here is that they are demonstrable within the confines of an analysis designed 
with altogether different purposes in view. 

Hesse’s paper deals with the problem of the consilience of inductions. If two 
laws are both deducible from the same theory, then the second law is usually 
thought better confirmed on the evidence of the first than it is a priori. According 
to confirmation theories such as Carnap’s, this is demonstrably false if the laws 
are logically independent of one another. Thus it seems that a Carnapian theory 
cannot account for consilience. Hesse disagrees. She holds that the difficulty 
encountered is due to a misleading view of the relation of theories to laws. The 
deducibility of one from the other suggests a multi-levelled structure, with 
logical relations going from level to level only. On this view, the sole function of 
theories is to explain and to predict a variety of laws, which, on their own level, 
need not be logically inter-related. Hesse argues that the function of theories is 
often rather to indicate how ostensibly independent laws could be reinterpreted 
so as to reveal (establish?) a dependency between them, this dependency being 
a matter of analogy, involving overlaps of the properties discriminated by the 
laws. A confirmation theory responsive to such analogies would thus make sense 
of consilience. She cites Carnap’s own N-theory as a step in the right direction. 

The longest paper in the book (102 pages) is by the editor. This is described 
as an attempt to account for some changes in Carnap’s project for a logic of 
induction. These changes are however of secondary interest to Lakatos, who 
finds them important only because they reveal what he considers to be a sequence 
of defects in the Carnapian analysis. His paper is a commentary on these defects 
—-more precisely: a critique of Carnapian inductive logic in the light of Popper’s 
philosophy of science. In spite of Lakatos’ efforts to be fair, it does scant justice 
to Carnap’s work. 

Lakatos’ principal contention is that Carnap’s logic, if taken seriously, would 
impede the progress of science. In the context of this volume, his arguments are 
surprising. He points out that, on Carnap’s analysis, we must assign a degree 
of confirmation of zero to all universal generalisations on the basis of any body 
of evidence we are likely to collect, and he remarks that this is bound to dis- 
credit the formulation of such generalisations. But as Hintikka’s work has shown, 
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confirmation theories of the Carnapian sort are not committed to the zero- 
confirmation of laws. Hintikka’s own elaboration of Carnap’s logic generates 
appropriate confirmation-values. Lakatos contends that Carnapian confirmation 
theory is committed to the view that our assessment of laws (via qualified- 
instance confirmation) increases indefinitely with the enumeration of positive 
instances, “thus putting a premium on the completely mechanical repetion of the 
same experiment’ (344). This also is true of Carnap’s own analysis, but not of 
Hintikka’s emendation of it. It was the purpose of Hintikka’s contribution to the 
colloquium to make this clear. Lakatos cites Hintikka’s results (crediting Popper 
with having inspired them), but only in a footnote (391) some forty pages after 
his original discussion of the matter (344-5). He does not retract his claim that a 
Carnapian logic is restricted to the enumeration of instances. Again, Lakatos 
chides Carnap at length for his neglect of the function of theories. Here too 
Carnap’s own position is vulnerable. But Hesse has indicated, in her contribution 
to this volume, how a properly supplemented Carnapian theory would explicate 
the role that theories play in inference. Lakatos does not mention Hesse’s 
analysis. (He prepared his comments for publication after the colloquium had 
ended.) His discussion of the logic that Carnap projected is focused on Carnap’s 
own formulations. It ignores what students of that logic have been able to make 
of it. It is as if one were to dismiss the logistic theory of the foundations of mathe- 
matics by commenting on the unavoidability of the paradoxes of sets. 

There are some interesting discussions in Lakatos’ paper, especially toward 
the end, where he offers a Popperian explication of the concept of acceptance. 
But Lakatos’ partisan fervour gets in the way throughout. Thus, for instance, 
his defence of Popper’s use of ‘degree of confirmation’ leads him to discredit 
alternate usages, to offer yet another proof of the disparity of confirmation 
(in Popper’s sense) and probability (355), and to conclude that ‘Popper’s demolition 
of Carnap’s theory of confirmation’ (357, italics mine) is thereby sustained. 
(Lakatos concedes that Carnap never affirmed what Popper refuted, but he thinks 
that ‘there is not much point’ (357) in remarking on this.) Arguments in this 
vein abound, and they defeat Lakatos’ purposes. 

FREDERIC SCHICK 
Rutgers University 


VETTER, Hermann (1967) Wahrscheinlichkeit und logischer Spielraum. Tübingen: 
J. C. B. Mohr [Paul Siebeck]. DM 19.80. Pp. viii+ 115. 


This book is an essay on Confirmation Theory, with particular emphasis on, 
and criticism of, the views of Carnap. It is perhaps a little discouraging to find 
(section 2.1) the author accepting a definition of an inductive inference as 
‘an inference in which the conclusion does not follow from the premises with 
logical necessity, but is only made more or less probable by them’, and then 
justifying himself with the paragraph: 

Diese Definition setzt in gewissem Sinne voraus, dass es keinen im her- 

kömmliche Sinne induktiven Schluss gibt (etwa von gemachten auf 

zukünftige Beobachtungen), der mit logischer Notwendigkeit gälte. 
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(Einen solchen Schluss würde die Definition als nicht induktiven character- l 
isieren.) Da sich aber alle Autoren darin einig zu sein scheinen, dass es 
solche Schlüsse nicht gibt, bereitet dieser Punkt keine Schwierigkeiten. 


But the reader should not let himself be put off by this, nor by tbe equally 
crude remarks about the justification of induction in section 3.5. (By which 
time the above definition seems to have been forgotten.) Nothing in the main 
part of the book hinges on it. 

What I call ‘the main part of the book’ is section 4. Section 3, the only other 
of any length, contains (apart from the rather unfortunate 3.5) nothing but 
exposition of what anyone who has concerned himself with probability theory 
and statistics either knows or has already forgotten. Section 4 is quite a different 
matter—in fact one gets the impression that the author first worked on this, and 
then found himself with a highly publishable piece too long for an article and too 
short for a book (or a Habilitationsvorschrift, a role in which a previous version of 
the present work once did service). Section 4.4,in which it is argued that Popper’s 
confirmation functions suffer from certain undesirable properties, is par- 
ticularly interesting, as is 4.6, where Carnap is the object of a similar sort of 
investigation. A thorough evaluation of much of this, however, calls for greater 
mathematical powers than the reviewer is able to bring to bear on it. 

T should like to comment on one point in section 4.4, namely that of the first 
full paragraph on page 49. Here there seems to be lurking in the background the 
thought that if, in a certain sense, the possible state-descriptions of the Universe 
were finite in number, there would then be only a finite number of possible 
hypotheses as to the course which events will take. We get a clue as to what 
sense this might be in the next sentence, when the author mentions that the 
Universe (in anything like its present form) may be of finite duration, and indeed 
appears to have had a finite past. Furthermore, he says, physicists are discussing 
the possibility that space and time may have a quantised structure (which sug- 
gests, presumably, that there might be only a finite supply of different times and 
places). But this sort of thing cannot limit the number of possible hypotheses. 
Even if the events of the Universe, past, present and future, were totally describ- 
able in terms of laws which ascribed, for instance, a discrete quantised structure 
to space, these would nevertheless remain, until the end of the present order, 
themselves hypotheses, and there would be no logical reason why alternative 
hypotheses should not be proposed in which space was suggested to be non- 
discrete. In other words, one cannot place any absolute limit on the number of 
possible scientific hypotheses by means of propositions which are themselves 
scientific hypotheses. 

This is not a book for those who have no previous knowledge of probability 
and confirmation theory. Only the very brightest person, if anyone at all, could 
use it as introductory literature. But given this qualification, my advice to the 
potential reader would be: if he can read German with complete fluency, well 
and good—the book is short. If, on the other hand, he can read German only 
slowly, the most economical use of time and energy would probably be to con- 
fine himself to section 4.4, pages 42-52. If he is mathematically inclined he may 
then with profit dip into 4.6, pages 56-93. 

The book is well produced and printed, though some readers may wish that 
a larger type had been chosen. There is a short bibliography, a subject and author 
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index, and a valuable index of the numerous symbols used in the text. I noticed 
no misprints likely to confuse the non-German reader. On page 42 ‘explizieren’ 
appears once as ‘exzlizieren’, and on page 61, line 15, an extra ‘a’ has crept 
into ‘singulären’, but in the contexts neither of these is going to cause trouble. 
I strongly suspect that ‘geschützt’, on page 105, line 3, was meant to be ‘gestützt. 


E. J. CRAIG 
Churchill College Cambridge 


VAN THEMAAT, W. A. Verloren (1967) Räumliche Vorstellung und Mathe- 
matisches Erkenntnisvermögen. 2 vols. Dordrecht, Holland: D. Reidel 
Publishing Co, HA. 15. Pp. x-+131, viii+59. 


It is only fair to say at the outset that the disappointment which I feel about this 
book is not directly related to its quality as a whole. The title had lead me to 
expect an essay in the philosophy of mathematics, with Kantian themes to the 
fore, but it is in fact a piece of pure mathematics, connected to the epistemo- 
logical issues by scarcely thirty pages of unsatisfactory philosophy at the beginning 
of the first volume. 

The author’s object is to investigate the relationship between what sort of 
space a mind is capable of perceiving or imagining and the extent of the mathe- 
matical knowledge which it can attain, though he sometimes gives a slightly 
different impression. In the Preface, page x, for instance, comparing his aims 
with those of certain predecessors, he writes: 


Ich hingegen gehe aus von hypothetischen Geistern, die hinsichtlich 
mathematischer Erkenntnis bestimmte Möglichkeiten, aber auch bestimmte 
Beschränkungen haben und frage dann, welche mathematischen Theorien 
für diese Geister möglich sind. 


This makes it sound as if he were going to state directly certain limitations on the 
capability to come to know mathematical truths, and then connect these limita- 
tions with more precise limitations on the sort of formal theory that can be 
mastered. Roughly, one expects propositions of the form of ‘Someone who 
can’t grasp any geometry can’t understand Euclid’s Elements’, only more subtle 
and interesting. But in this the passage is misleading. The argument actually 
begins with premisses about the sort of spatial perception or imagination open 
to a potential mathematician, and these are then connected directly with what 
sort of formal system he can use, which is equated with what mathematics he 
can know. Dr van Themaat’s treatment of this gives rise to a number of questions, 
of which I can only touch on a few. 

Spatial perception is apparently supposed to restrict mathematical potential 
by restricting what can be written down. It is said that a mind whose perceptual 
space contained only finitely many points would have a smaller mathematical 
range than a human being, and the reason (p. 3) is this: 


Er würde nämlich an jedem Punkte seines Raumes höchstens ein Symbol 
niederschreiben können, und dieses Symbolkonglomerat stellte dann 
seine ganze mathematische Erkenntnis dar. 
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It is hard to know what to make of this. Even if we deny this mind the ability 
to rub out symbols and write down new theorems in their place it is by no means 
clear that we have limited how much mathematics it can write down, let alone 
how much it can know. There seems to be no theoretical limit to the degree of 
compression which a symbolism could achieve (think of the way in which the 
decimal system for the numerals economises over the binary); and if this is a 
matter of actual limits, the number of symbols which a human being can write 
down is equally finite. 

A little of this, though scarcely all of it, may come from the conflation of 
perceiving and thinking. On pages 31-2 the suggestion is considered that the 
perceptual space of a human being contains only finitely many discernible 
points. The author spends some time on this, as indeed he should, given the 
nature of his argument. But on page 36 he says that the crucial point is that a 
human being can imagine a series which is isomorphic with the natural numbers, 
since we can think of the indefinite reapplication of a rule of inference. Here 
‘imagine’ has to mean ‘conceive of’, and not ‘form an image of’: A human being 
cannot form an image of an infinite series of discrete objects. But it is this quasi- 
perceptual sense which Dr van Themaat requires if he is to connect mathematical 
potential with spatial perception in the way he seems intent upon. 

On page 2 of volume ı we have read: 


Ein Geist, der auch nur abzählbar-unendlich viele Objekte individualisiert 
wahrnehmen könnte, könnte jede beliebige reelle Zahl einzeln betrachten 
(mittels ihrer vollständigen Dualbruchentwicklung) und hätte also ein 
prinzipiell grösseres Erkenntnisvermögen als wir. 
Such a mind could, one supposes, tell that, e.g. there was no series of seven 
consecutive sevens in the decimal expansion of simply by scanning it, but this 
does not make his possible mathematical knowledge more extensive than our 
own unless it has also been shown that we could not arrive at this result by any 
other method. The author appears to be aware of this kind of objection (See vol. 
2, pp. 31-2), but not of the sort of. modification of his views which it might 
demand. 

One is also lead to ask what sort of perception this could be, in which infinitely 
many objects are perceived individually, and the question becomes more urgent 
when we are introduced to a mind which can perceive transfinitely many 
objects individually. But like so many of the others raised in these thirty-odd 
pages, it receives no answer, so that the reader is left gasping for breath. 

The mathematics must be assessed by another reviewer. I see no obstacle to 
taking it as the meta-theory of various kind of formal system, in which interpreta- 
tion it would not depend upon the epistemology which introduces it. 

As there are scarcely two hundred pages all told it seems a pity that the work 
should have been published in two volumes, especially as they are not quite 
uniform with one another. I noticed a few minor misprints, none really likely 
to confuse, but enough to put the reader of the mathematical sections, where 
such errors can cause trouble, on his guard. 

E. J. CRAIG 


Churchill College Cambridge 
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THEOBALD, D. W. (1968) An Introduction to the Philosophy of Science. London: 
Methuen and Co. 30s. Pp. xiii+ 145. 


Until recently there has been a dearth of textbooks suitable for a serious in- 
troductory course in the philosophy of science. Previous texts have been either 
oversimplified or incomplete, or, alternatively, intricate and advanced, both 
circumstances forcing an eclectic attitude upon teachers in the choice of suitable 
reading material. Theobald’s new book fills this gap despite certain deficiencies. 

The book is in seven chapters. The first, entitled ‘Science and Philosophy’ 
argues for the autonomy and importance of the subject matter, as being dis- 
tinct from a purely scientific enterprise. The dichotomy ‘Science is about the 
world’, ‘Philosophy of Science is about Science’ is handled well, and serves 
a useful purpose throughout the book. Chapter 2, ‘Language and Science’, 
provides the reader with much of the philosophical background necessary for 
the later chapters, discussing ‘concepts’ and ‘facts’, and making plausible the 
thesis referred to below. The discussion of the status and role of mathematics 
is disappointingly brief. Chapters 3 to 6 cover some ‘standard’ problems in the 
philosophy of science, including induction, laws, explanation, and so on. Each 
of these subjects is touched on from several points of view with some prominence 
given to the inadequacies of the operationalist and instrumentalist points of 
view. The discussion is under pinned with good use of illustrative examples. 
A certain amount of historical material, principally Aristotle and Hume, adds 
to the breadth of the treatment. A brief but informative digression into the 
problems of the social sciences brings out clearly their own particular difficulties. 
Chapter 7, ‘Science and Physical Reality’, includes a short comment on scientific 
discovery. 

In order to give the book coherence Theobald decided to argue the thesis‘... 
the nature of science as linguistic evolution, that is evolution towards languages 
of greater adequacy and flexibility’ (Introduction, p. xi). A difficulty of doing 
this in an introductory book is that such a wide range of material must be 
covered it is hard at times to decide which arguments are for, against, or irrele- 
vant to the thesis; the thesis wins by sheer persistence. Some arguments are 
presented in such a sketchy form that one is not convinced that the argument, 
as opposed to the conclusion, might not have been omitted altogether (e.g. 
Wittgenstein, Private Language Argument, p. 20). 

Although, as Theobald points out, philosophy is a persuasive rather than a 
demonstrative discipline, this attitude should not act as a refuge for laxity of 
expression. For instance, the term ‘ontological claim’ is implicitly defined in the 
earlier chapters in a confusing manner: ‘ . . . the fact that a new theory entails 
a new set of facts, a new ontological claim’ (p. 37), or‘. . . talking about physical 
reality, that is, making ontological claims’ (p. 57). The notion ‘a concept’ is 
called upon to do much work (pp. 39, 54) as is ‘logical’ (pp. 57, 58), yet both 
usages remain irritatingly vague, despite the discussion in Chapters 1 and 2. 
The last chapter does much to clear up the difficulty with ‘ontology’. With 
minor changes it could have been the first or second chapter, to some advantage. 
The idea that theories may economise thought is undervalued; for instance 
(p. 56): 

‘electron’ cannot be reductively analysed away in terms of either ‘particle’ 
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or ‘wave’ or any combination of the two. Clearly if this were possible, 
nothing would have been gained by introducing the concept in the first 
place. 


Here again the questions of the introduction of concepts in their logical sense 
and their introduction in the historical sense are conflated. 

The discussion of models and analogies, despite its length, seems to be no 
more than a discussion of mathematical isomorphism between theories and as 
such makes the following quotations from that section hard to reconcile: 


... the science of several systems is mathematically isomorphous. Such 
an eventuality is of considerable heuristic value (p. 59). 

and 
. .. as far as an operationalist is concerned a suitable mathematical formal- 
ism is all that is required . . . he will have to forego the heuristic advantage 
we noticed above in connection with models (p. 61). 


The chapter on probability is possibly the least successful. The probability 
of a hypothesis is not mentioned and ‘confirmation’ is represented by a scanty 
treatment of Keynes and a curiously technical exposition of Kneale’s theory 
of range. In view of the trends of thought in both statistics and philosophy in 
the last twenty-five years this deficiency is very surprising. The discussion of 
the frequency and propensity theories is more adequate. 

Despite these objections the book, when used as it was no doubt intended to be, 
in conjunction with lectures and tutorials, is of considerable value. The book 
requires only a most rudimentary knowledge of symbolic logic; despite its 
frequent references to the quantum theory, it could be read with no difficulty 
by students not also reading science. The book includes a good bibliography, 
arranged by chapters, and an index. 

G. M. K. HUNT 
King’s College Cambridge 


De Mauro, Tullio (1967) Ludwig Wittgenstein, His Place in the Development 
of Semantics: Foundations of Language/Supplementary Series/Volume 3, 
Dordrecht, Holland: D. Reidel Publishing Co. Dfi. 18. Pp. ix+62. 


The main thesis of this book is that there is a certain ‘very naive’ conception 
of language found first in Aristotle’s De interpretatione, by which for centuries 
scientific interest in language was ‘suffocated’; and that Wittgenstein’s Tractatus 
logico-philosophicus is simply a development of this ‘banal’ view to manifestly 
absurd extremes—his Investigations, a belated recantation. In the course of this 
discussion, the author cites dozens of works, most of which I have not read; 
in view of what he says or fails to say about Aristotle and Wittgenstein, I thought 
it hardly necessary to pursue his other references. 

The short passage translated from Aristotle (p. 8) is almost unintelligible 
English—we get such jargon as ‘things of the voice (of the spirit)’ for ‘what 
occurs in speech (in the mind)’, and the syntax of the original is distorted. We 
are told that for Aristotle words must ‘reflect our perceptions ... which in 
turn are no more than the reflections of the organization of reality in genera, 
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species, and individuals’. But there is in fact not a word about this ‘organization’ 
in the De interpretatione. On the other hand, the theory of predication stated 
in that work requires an absolute logical distinction between two sorts of terms, 
names (onomata) and predicables (rhemata); following Plato’s Theaetetus, 
Aristotle holds that the simplest sentence must contain one term of each sort. 
This is far from the ‘banal’ idea that language is a ‘repertory’ of names; but De 
Mauro says nothing at all about this. Later on De Mauro will tell us of Wittgen- 
stein’s atomic sentences, which are concatenations of names; it is odd enough 
that he should find this idea ‘banal’, but even odder that he should discover one 
and the same ‘banal’ conception in Aristotle. 

De Mauro’s account of Wittgenstein is free from one old and common 
mistake: the misunderstanding of theses about die Sprache as relating to a 
hypothetical perfect language, rather than to the necessary attributes of any 
language. But against this insight must be set a number of grave omissions and 
distortions. 

1. Wittgenstein’s philosophy has deservedly been called neo-Kantian; it 
starts from the transcendental problem ‘How is formal logic possible?’ and 
confessedly owes its inspiration to Frege’s ‘great works’ and to Russell’s Principles 
of Mathematics. De Mauro never mentions Frege, and has only one quite useless 
reference to Russell (p. 44). He shows no interest whatever in the philosophy 
of logic. The passages selected from the Tractatus do not contain a single 
technical term of logic like ‘truth-function’, ‘quantifier’ (‘Allgemeinheitsbe- 
zeichnung’), ‘argument-place’, ‘mapping’ (‘Abbildung’). It is not surprising that 
selections on this principle from a work whose very title declares it to be about 
the philosophy of logic are decidedly jejune, not to say ‘banal’. 

2. Rightly seeing that the Tractatus is supposed to be about ordinary language, 
De Mauro applies directly to sentences of ordinary language what Wittgenstein 
says about elementary propositions. He ignores all that Wittgenstein says about 
the non-representativeness of logical constants (the ‘fundamental thought’ !), 
about numerals, about formal series, about definable complex expressions, etc. 
etc. 

3. De Mauro finds a vicious circle in the Tractatus account of names and 
sentences: ‘Understanding propositions presupposes the understanding of the 
names composing them. But understanding the names presupposes the under- 
standing of the propositions containing them. A proposition is understood (as is 
a name) only if it is already understood’ (p. 26). As so often, indesignate pro- 
positions are the staple of confused and sophistical thought. To understand any 
proposition, it is indeed necessary to understand every name in it. But it is not 
true that to understand any name it is necessary to understand every proposition 
containing it; once we understand some propositions containing a given set of 
names, we can make up and understand new ones using the same names. (Cf. 
Tractatus 4.027 and 4.03. The contradiction De Mauro finds between these and 
other theses of the Tractatus is a mere illusion on his part.) 

4. De Mauro regards this ‘vicious circle’ as an impasse deliberately created by 
Wittgenstein to show that communication is in principle impossible, and quotes 
the preface to the Tractatus in support of this view: ‘Perhaps this book will be 
understood only by someone who has himself had the thoughts that are expressed 
in it’ (p. 27). Here we have merely a gross confusion between the propositions 
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that make up the Tractatus and ordinary propositions. The propositions of the 
Tractatus are not meant to be informative propositions like “The watch is on 
the table’, nor yet propositions of logic and mathematics; really, for Wittgen- 
stein, they are not propositions at all—they are attempts to get over to a sym- 
pathetic mind what cannot properly be asserted, namely what constitutes the 
essence of logic, language, and the world. (And one source of his mysticism was 
undoubtedly Frege’s idea that there was no proper way of describing the diff- 
erence between concept and object, though a properly constructed symbolism 
would show the difference; Frege too had to hope for a sympathetic reader, 
since his ways of bringing out the difference in words were no more than ‘hints’. 
But De Mauro, as I said, never refers to Frege.) 

There is no suggestion in the Tractatus that there is a difficulty in principle 
about communicating ordinary propositions like ‘The watch is on the table’ 
or “Twice two are four’: indeed, Wittgenstein says these can be communicated 
(4.026, 4.027). De Mauro even cites (p. 27) these passages of the Tractatus, 
but says ‘Wittgenstein’s conclusions contrast with these two propositions, and, 
what is worse, are in contradiction with the facts expressed by them’. Well, as 
Quine recently said in another connection, the most explicit writing is not 
proof against stalwart reading (in this case, one might add, stalwart non-reading 
too); at best there will be a sort of strain felt by the interpreter—which he can 
always relieve by imputing inconsistency to his author. 


P.T.GEACH 
University of Leeds 


LAZEROWITZ, Morris (1968) Philosophy and Illusion. London: Allen and Unwin. 
48s. Pp. 262. 


Four of the papers in this collection, amounting to less than half the book, 
have not been published before. Their titles are: Empiricism and Rationalism, 
Time and Temporal Terminology, On Perceiving Things, The Problem of 
Justifying Induction. The other papers include reviews of Austin and Moore, 
from Philosophy 1963 and 1964, and Lazerowitz’s contributions to the Ducasse 
Festschrift (ed. F. C. Dommeyer), the second edition of British Philosophy in the 
Mid-Century, and his own book of readings edited in conjunction with 
Kennick, Metaphysics (1966). All of the papers are essays in metaphilosophy, and 
in all appear the influence and usually also the ipsissima verba of his mentors, 
Moore, Wittgenstein and Wisdom. 

The single problem, in various manifestations, to which Lazerowitz addresses 
himself is the alleged fact that in the whole history of philosophy no uncontro- 
verted proposition has been produced, Lazerowitz holds that everyone has 
entirely misconceived what philosophers have been doing, and presents a simple 
‘iconoclastic thesis’ (101) in explanation. The propositions of ‘technical philo- 
sophy’ are a priori, and report no truths; they explicate necessary connections 
among concepts or state logical impossibilities (138), and sentences which 
‘express’ true a priori propositions ‘convey’ matters of verbal usage to anyone 
who understands them (ibid.). Essentially philosophy is a game (52, 98, 117, 205, 
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248 et alia) with language, undertaken for primarily unconscious motives: 
philosophical statements do not have a descriptive use, other than as expressions 
of unconscious fantasies (81). In metaphysics we ‘discover substitute objects 
for our wishes or substitute ways of justifying ways of gratifying our wishes, 
and we do this in such a way as to make the substitutes unrecognisable to others 
as well as to ourselves’ (33). This vaguely psycho-analytic thesis is not itself 
argued for or supported in any way; in at least four papers it appears on almost 
the last page, and in others in casual asides, frequently repeated. But it is offered 
as the explanation of the thesis that is argued for, namely, that all the discussions 
by ‘technical philosophers’ on empiricism and rationalism, induction, causation, 
direct and indirect perception have been, contrary to appearance, a priori. 

It might be thought that such an enterprise would require considerable 
scholarship and care in handling particular arguments by individual philoso- 
phers over the centuries. What Lazerowitz offers, however, when he gives 
references at all, is a few isolated quotations, torn from context, interpreted 
according to the most grotesque literalist tradition, and pronounced upon 
‘without going into details and refinements here’. No effort is made, or recognised 
as relevant, to consider the scientific and intellectual environment of Descartes, 
Leibniz and Hume—to mention three writers who are dealt with in cavalier 
fashion—or to understand the problems they were trying to deal with, let alone 
the vocabulary in which they expressed themselves. At one point Lazerowitz 
permits himself to say that ‘whatever the philosophical reasons might be’ for a 
certain view, his own argument applies. As a sociological hypothesis it may be 
suggested that the less distinguished disciples of Moore and his school have 
shown a staggering disregard for historical scholarship and insensitivity towards 
earlier philosophers. When Lazerowitz asserts that all philosophers have been 
playing an a priori game, to satisfy their unconscious wishes, it must be asked 
what he is doing in saying this. Either, on his own thesis, he is himself playing 
an a priort game, and contrary to appearance making no factual claims to inter- 
pret their utterances—this would not safeguard his performance from being 
castigated as adding to the trivial, but it would avoid my criticisms on grounds of 
unscholarliness: or, his arguments are factual claims, in which case, on his own 
argument, his work is in no way philosophy, and it does not escape the accusation 
of making no effort to understand past philosophers. This ‘short way’ with his 
thesis parallels his own approach. To one who accuses another of unconscious 
motives the tu quoque retort is unavoidable. No doubt there are unconscious 
motives for believing philosophy to be difficult; Lazerowitz, however, finds it 
easy, and best transacted in bland, casual prose, with the same quotations and 
examples over and over again. Lazerowitz has failed to ask himself three basic 
questions as an author: has it been said before, has it been said better, for whom 
am I writing? He knows the answer to the first question, since (to go no further) 
he repeatedly refers to his own earlier books, upon which this adds nothing; 
it is a measure of the lack of intelligence in the book that any answer to the last 
question is simply too depressing to contemplate. 

PETER JONES 
University of Edinburgh 
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Gate, Richard M. (1968) The Language of Time. London: Routledge & Kegan 
Paul. 40s. Pp. viii+ 248. 


The author’s stated aim in this book is the clarification of ‘certain large-scale 
features of our common-sense or ordinary language concept of time’. To give 
the analysis a ‘definite point and direction’ Gale begins with McTaggart’s 
notorious argument for the unreality of time. McTaggart it will be remembered, 
distinguished between an ordering of events by the ‘is earlier (later) than’ 
relation (the B-series) and’ an ordering by the tensed predicates ‘is past’, ‘is 
present’, and ‘is future’ (the A-series). McTaggart held the A-series to be more 
fundamental but to involve a contradiction. The legitimacy of these series and 
their relations to one another have remained particularly vexing questions for 
philosophers. In Part One, Gale assembles a set of tenets associated with the 
theory that the A-series is more fundamental (the A-theory) and a set associated 
with the B-theory. The balance of the book is given over to a critical survey 
of these two philosophical theories of time with Gale coming down firmly on the 
side of the A-theory. 

Part Two is devoted to the most central issue separating the A and B theories: 
the relation between tensed and tenseless discourse. According to the B-theory, 
the tensed predicates ‘past’, ‘present’, and ‘future’ (call these A-predicates) 
are to be analysed in terms of the tenseless ‘is earlier than’ relation (call this the 
B-relation) in such a manner as to display their essentially subjective or anthro- 
pomorphic aspect (e.g. ‘X is now present’ is, on one account, equivalent to X 
is simultaneous with this sense-datum’). The A-theorist, on the other hand, 
maintains that the B-relation is to be analysed in terms of A-predicates. How- 
ever, if ‘X is (tenselessly) earlier than Y’ is equivalent, as Gale argues, to some 
complex of sentences containing A-predicates, is it not seen to be itself a tensed 
sentence? Gale avoids this conclusion by offering as a criterion, allegedly derived 
from the rules of use of paradigm A-sentences, roughly the following: a sentence 
is an A-sentence if and only if it is logically possible for two non-simultaneous 
uses of the sentence to differ in truth value. Gale’s reduction of B-sentences fails 
to satisfy this criterion. But, while ‘Matter was created’ is no doubt a paradigm 
A-sentence, ‘Matter is always being created’ (continuing present tense) is no 
less so, yet on Gale’s criterion only the former counts as an A-sentence. The 
explanation of this puzzling misreading of ordinary language lies in Gale’s 
McTaggart glasses, i.e. in the view that there is a legitimate mode of tenseless 
discourse. Hence, if this tenseless discourse is to be analysed in terms of A- 
predicates, sentences formed as conjunctions or disjunctions of A-sentences must 
not necessarily be A-sentences. But in point of fact, with the possible exception 
of mathematical or necessary truths, there is no such thing in ordinary language 
as a tenseless mode of discourse. For, as Broad noted, it is only a philosopher 
who would say that ‘X is (tenselessly) earlier than Y’. The vulgar say ‘X is (was, 
will be) earlier than”. Thus, if one is limiting attention to ordinary language 
one ought not to be embarassed to find (with the possible exception noted) that 
all discourse is composed of A-sentences. 

Gale seems vaguely aware of this since he offers a criterion for tenseless 
discourse derived not from ordinary language but from the requirements of an 
ideal language. The requirements placed by a B-theorist on an ideal language 
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will depend on the precise nature of his objections to ordinary language. It is 
common to object to sentences whose truth value changes with time. This can 
be overcome by replacing the copulas ‘is’, ‘was’, and ‘will be’ by the disjunction 
‘is or was or will be’. This move amounts to introducing tenseless predicates 
in terms of tensed predicates and hence guaranteeing that the tensed ones are 
more fundamental. While in the chapters on the ineliminability of A-statements 
and on the empirical, though non-sensible content of A-statements, Gale 
does go a long way towards dissolving the objections of the B-theorist to ordinary 
language he does not come to grips with the B-theorist who, like Smart, claims 
that a tenseless language is possible with a primitive tenseless copula and who 
for this reason will reject any analysis of the B-relation in terms of A-predicates. 

The third part of the book deals with the question of the status of the past 
and the future. According to the A-theory there is a definite ontological difference 
between the past and the future (only the future can be altered, it is logically 
impossible to alter the past), while according to the B-theory any such difference 
is merely contingent. Gale attempts to support the A-theory on the grounds 
that certain of our concepts, e.g. causality, have logical asymmetries built into them 
with regard to the past and the future. Gale argues that certain hypothetical 
situations offered as examples of backwards causality cannot be so described 
without too much damage to ordinary language. While the argument contains 
an interesting analysis of causality and related concepts, it will cut no ice with 
the B-theorist. For, not being particularly enamoured with ordinary language, 
the B-theorist will argue that we should describe these situations in the manner 
alleged in spite of the damage. Such unnatural happenings might require 
unnatural language. 

In this third part the A-and B-theory views of the status of future individuals 
and of future contingent propositions are compared. The issues are clearly 
exposed, but there is little careful attention to ordinary language. Admirals 
don’t say, ‘It’s not yet true that there will be a sea battle tomorrow’. 

The fourth and final part of the book takes up the question of the alleged 
subjectivity of becoming. This is understood as the claim that in a world devoid 
of conscious beings there would be no past, present, or future. Although Gale 
is able to make short shrift of the B-theorist’s conceptual argument that be- 
coming is subjective since A-predicates are to be analysed in terms of the B- 
relation with one of the terms of the relation logically dependent on the existence 
of conscious beings, he never really comes to grips with the question of what 
it means to use A-predicates of an imaginary world devoid of conscious beings. 

Attention to ordinary language would have saved Gale some trouble in hand- 
ling the so-called empirical arguments for the subjectivity of becoming (A- 
sentences are subjective or else science would have use for them. Science has 
no use for them. Therefore . . .). Gale argues that scientific laws are expressed 
in terms of the B-relation which, on his account, is to be analysed in terms of 
A-predicates. Hence, etc. Gale need only have noted that scientific laws are 
expressed in the continuing present tense, e.g. ‘All bodies attract one another’. 
Unfortunately, he has already decided that the continuing present tense cannot 
be used to make an A-statement. 4 

Although this book has moved us only a very little distance, and not 
always in the right direction, towards an elucidation of the ordinary language 
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concept of time, it is of importance. It contains an extensive survey of the 
literature, clearly exposes the issues and adds some significant new argumen- 
tation to the dispute between two philosophical theories of time. It should 
prove of particular importance to the beginning student of time. 


W. NEWTON-SMITH 
Balliol College Oxford 


Knox, Malcolm (1968) Action. London: George Allen & Unwin. 455. Pp. 250. 


Sir Malcolm Knox says in his Preface to this book, a revised version of some 
Gifford Lectures, that it was ‘prepared not for specialists but for the intelligent 
general reader’ (p. 14). A review by a specialist may, therefore, seem out of 
place. None the less I shall discuss two of the topics raised by this wide ranging 
book, firstly the question of the relations of action, choice and freedom, and 
secondly the author’s account of duty, in which he says moral experience 
and goodness culminate. In general, his book is a discussion of human behaviour 
with a view to seeing how man’s nature and his moral life are related. 

In the first half of his book Sir Malcolm sketches an account of the develop- 
ment of human beings from nature to mind in a way which is strongly reminis- 
cent of Bishop Butler, distinguishing acts performed because of instinct, of 
desire, of reflection on desire, etc. Much of what he says is acceptable, but the 
discussion suffers from a failure to say precisely in what way these stages of 
development can be distinguished, namely in terms of the form of explanation, 
whether causal or intentional, which can be applied to the behaviour of the 
item in question. Because of this failure the author does not, I think, give a 
true account of the notion of choice, nor of how the possibility of choice is 
supposed to guarantee freedom. To discuss one example only of the confusions 
in this area: ‘.. . saying no to desire is a precondition of freedom. It is freedom 
to choose, and this is what is often called “will” ’ (p. 55). What he has in mind 
here is that we can desire to eat and, reflecting on that desire, can choose or 
decide whether to act on that desire or not. But how is this to secure freedom? 
My decision whether to act on my desire will be the outcome of other desires, 
my character etc., so the question will arise again whether the relation of these 
to my decision is such as to allow me to be said to be free. If Sir Malcolm says 
that we are free in these cases he has only by-passed a central problem in the 
question of freedom; if he says we are not, then the problem still requires an 
answer. 

The notion of choice is central to the author’s account of moral duty, which 
he discusses in terms of absolute obligation. The difficulties with such a view 
are notorious, and he does not very much clarify the issues. “The doing of one’s 
duty is obedience to the supreme categorical imperative, namely become what 
you are’ (p. 214). And what are we? Sir Malcolm says we are minds, and as 
minds we must choose to choose. But this gives us no guides to action at all; 
nor are we provided with any way to decide what one ts. Further, though he 
reminds us not to neglect appetite and desire in deciding how to act, it is difi- 
cult to see how we are to give them their due without ceasing to be supremely 
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minds, and hence failing in our supreme moral duty. It is quite obscure what 
is to count as a good ground for action when appetite, desire etc. are left out of 
account. It is also difficult to resist the conclusion that Sir Malcolm has been 
misled by his own metaphors in reaching his conclusions about the categorical 
imperative; for he speaks of a mind ‘advancing’ to self-consciousness, and 
‘sinking’ below the human level. It does not follow that because a mind is 
‘advanced’ in this way it is morally advanced as well, nor morally low if a 
mind has ‘sunk ’ in this sense. 

Sir Malcolm acknowledges his debt to Hegel and admits to a lack of sym- 
pathy with linguistic philosophy. Unfortunately this means that many of his 
discussions of problems with contemporary relevance often seem to pass them 
by, for what seems clearest to a Hegelian looks most obscure to a linguistic 
philosopher. 

N.J.H. DENT 
Balliol College Oxford 
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Euclid’s Elements and the Axiomatic 
Method 


wig 
by IAN MUELLER ! & a 


x For more than two thousand years after its writing, Euclid’s Elements 
was regarded as a paradigm of rigorous mathematical reasoning. Only when 
the foundations of the modern axiomatic methods were laid in the late 
nineteenth century did the book lose its pre-eminence in this respect. At 
that time mathematically sophisticated people began to speak somewhat 
condescendingly of the intuitive character of Greek mathematical reasoning. 
(See, for example, Klein (1939), pp. 188-208.) The grounds for their dis- 
paragement of the Elements can be found in almost any elementary text- 
book on geometry, history of mathematics, or foundations of mathematics 
(e.g. Eves & Newsom (1958), pp. 37-41), so I shall not describe them here. 

More recent scholars interested in the development of mathematical 
argument in ancient Greece have tended to minimise the role of intuition 
in the Elements and to revert to the earlier kinds of description of Euclid’s 
reasoning. (See, in this connection, Reidemeister (1949) and Szabé (1964)). 
These scholars do not, of course, deny the existence of ‘logical short- 
comings’ in the Elements, but they feel that these shortcomings are com- - 
pletely overshadowed by differences between Greek mathematics in its 
developed state and its ‘empirical’ predecessors. T'o them these differences 
justify classifying Euclidean and modern mathematics together as pure 
science—a classification which excludes, for instance, Greek mathematics 
of the sixth and fifth centuries B.c. Obviously, classification alone is of 
little importance, but the issue here is much greater. It involves not only 
an interpretation of the nature of Greek mathematical reasoning but also 
an interpretation of the history of Greek mathematics and of its relation 
to Greek philosophy. A. Szabó has argued that Parmenides had a central 
position in the history of mathematics and that the change from ‘empirical’ 
to ‘pure’ mathematics is closely connected with the idealistic, anti- 
empirical character of Eleatic and Platonic philosophy. Given the absence 
of detailed information about early Greek mathematics, such hypotheses 
seem undecidable. I shall argue, however, that these hypotheses are un- 
necessary and that the conception of Greek mathematics in its developed 
state on which they rest is not justified by the character of Euclid’s Elements. 

Perhaps the most evident ‘modern’ feature of the Elements is the use of 
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axiomatic method, which, according to Eves and Newsom (1958, p. 13), is 
‘the very core of modern mathematics’. Both in the Elements and in a 
representative modern work like Hilbert’s Grundlagen der Geometrie one 
finds some sentences postulated as starting points and the rest derived 
from them. But how deep is such similarity? The answer to the question 
would seem to depend on the meanings of the words ‘postulated’ and 
‘derived’ in each case. In the case of the Grundlagen, the meanings are 
relatively clear. ‘Derive’ means, or can be taken to mean without affecting 
the tenor of the work, ‘deduce using the principles of modern logic’; 
‘postulate’ is somewhat more difficult but probably means no more than 
‘write down and use as premisses in deductions’. In this approximate 
definition of ‘postulate’ I intend to bring out the so-called hypothetical 
character of modern axiomatic mathematics. Many commentators have 
pointed out that, for the Greeks, mathematics was not a hypothetical 
science in this sense; for them mathematical assertions were true and of 
interest only because they were true. (See, for example, Scholz (1930-1), 
p. 276.) For the modern formalist the question of truth as conceived by 
the Greeks is mathematically irrelevant. 

To say, however, that for the Greeks ‘postulate’ meant ‘assume as true’ > 
is to overlook a very significant feature of Euclid’s Elements. Three of the 
five postulates are not even capable of being true: 

1. Let it be postulated to draw a straight line from any point to any 

point. 

2. And to extend a limited straight line continuously in a straight line. 

3. And to draw a circle with any centre and distance. 

Grammatically, at least, these postulates are not existence assertions like 
their modern counterparts (e.g. For any two points there exists exactly 
one straight line on which they both lie).! Nor are they descriptions of 
possibilities which might in fact be unrealisable, thereby rendering the 
descriptions false. They are what might be called licences to perform certain 
geometric operations. That this is so can be seen, I think, from Euclid’s use 
of them in—for example—the proof of proposition 1, Book I: 

On a given limited straight line to construct an equilateral triangle. 

Let AB be the given limited straight line. Thus, it is necessary to construct 
an equilateral triangle on the straight line AB. 

With center A and distance AB, let the circle BCD be drawn, and again with 
center B and distance BA, let the circle ACE be drawn; and from the point C 
in which the circles cut one another, to the points A, B, let the straight lines CA, 
CB, be joined. 

1 ĮI shall not discuss here H. G. Zeuthen’s (1896, pp. 119-26) arguments that the postulates 


are existence assertions. It looks to me as though Zeuthen shows at most that the postu- 
lates play the role of existence assertions in other formulations of geometry. 
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Now, since the point A is the center of the circle CDB, AC is equal to AB; 
again, since the point B is the center of the circle CAE, BC is equal to BA, and 
CA was proved equal to AB; therefore, each of CA, CB is equal to AB, But 
things equal to the same thing are also equal to each other; and, therefore, CA is 
equal to CB; therefore, the three CA, AB, BC are equal to one another. Therefore, 
the triangle ABC is equilateral; and it has been constructed on the given limited 
straight line AB. Which was to be done. 


c 


In what sense does Euclid derive proposition 1 from first principles? 
Certainly in the sense that each step is supposed to be justified by reference 
to these principles (although modern accounts of Euclid customarily say 
that he cannot justify the use of the point C in which the circles cut one 
another, since none of his first principles guarantees the existence of such 
a point). But, in many cases, justification does not mean showing that an 
assertion is true, but showing that a performed operation (for instance, to 
draw a circle with A as centre and AB as distance) is licensed. Half of 
the proof of proposition 1 is given to the performance of such operations 
(the so-called kataskeue), resulting in the construction of an equilateral 
triangle on the line AB. At the end of the proof it is described not as 
showing something to be true, but as doing what was to be done, The 
conclusion seems inescapable that proposition 1, which grammatically is 
the same as postulates 1, 2, and 3, is not an oddly formulated assertion 
but the description of a task which Euclid ‘proves’ by doing it. 

The ancients called propositions like proposition 1 ‘problems’ (prob- 
lemata) and distinguished them from provable geometric assertions, which 
they called ‘theorems’ (theoremata). Euclid marks the distinction by writing 
‘which was to be proved’ at the end of proofs of theorems instead of ‘which 
was to be done’. It might be thought that Euclidean derivations of theorems 
are at least not significantly different from modern formal derivations. 
But, in fact, this is not true, for in almost every one of Euclid’s derivations 
the carrying out of certain operations, previously shown possible, precedes 
argumentation in the usual sense. The characterisation of a Euclidean 
derivation as a ‘thought experiment’ involving an idealised physical object 
which can be represented in a diagram seems clearly justified. Very often 
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the diagram is inessential to the argument, since the words alone would be 
a proof, and in no case is the diagram the subject of the proof. However, 
it has often been pointed out (e.g. in Klein (1939), pp. 201-2) that in some 
cases the diagram does play an important role in Euclid’s arguments. 
Such cases should not be looked on as mere lapses from the axiomatic 
method but, rather, as indicative of the experimental character of Euclid’s 
geometry. From this point of view the diagram is much more closely 
related to the proof than the words which go along with it. One might 
think of Euclid’s proofs as standardised versions of the kind of discussion 
which Socrates has with the slave boy in the Meno (82B-85C). Here it is 
quite obvious that the verbal argument is only an accompaniment to 
diagrammatic manipulation and that the diagram is both the source of 
conviction and the court of last resort in deciding the truth or falsity of a 
geometric assertion. The Meno discussion is often taken as representative 
of the primitive kind of mathematical argument and contrasted with 
Euclidean proof (in, e.g. Szab6 (1964), pp. 34-40). The contrast seems to 
me stylistic rather than conceptual. In other words, Euclid’s ‘formalism’ 
is much more like formalism in literature, which focuses on stylistic 
niceties, than like formalism in mathematics, which is motivated by a 
philosophical conception of mathematics. 

A Euclidean derivation, then, is a thought experiment of a certain 
kind—an experiment intended to show either that a certain operation can 
be performed or that a certain kind of object has a certain property. Thus, 
Euclidean derivations are quite different from Hilbertian ones, which are 
usually said to involve no use of spatial intuition (see, e.g. Poincaré (1929), 
p- 467). The major difference between the mathematics of Euclid’s 
Elements and more primitive predecessors is that the former contains an 
explicit statement of first principles, definitions, postulates, and axioms. 
However, the historical explanation of this difference does not require 
presupposing deep conceptual change. One need only refer to Szabö’s 
plausible suggestion (in (1960), among other places) that the development 
of the Greek axiomatic method is closely connected with the development 
of the dialectical method in Greek philosophy.! Socrates’ description of his 
deuteros plous in the Phaedo (99D-ı01A) is perhaps the best indication 
of the role which hypothesis came to play in philosophical discussions. It is 
Socrates’ claim that truth (Zi ton onton) can be reached only if one searches 
on the basis of hypotheses accepted at least temporarily. Otherwise one 
is likely to ‘mix things up by discussing a first principle and its conse- 
quences at the same time, as the antilogikot do’. 


1 The correctness of my characterization of Euclid’s first principles does not, of course, 
depend upon the truth of Szabö’s historical conjectures. 
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There is good reason to suppose that, in the fifth and fourth centuries 
B.C., Greek mathematics suffered from as much confusion as did philo- 
sophy. A passage in Aristotle (Prior Analytics II, 16, 64b28-65a9) makes it 
probable that the treatment of parallels involved ‘discussing a first prin- 
ciple and its consequences at the same time’ until someone made Euclid’s 
fifth postulate a hypothesis. We also know of two inconclusive, and probably 
fallacious, attempts to square the circle. (See Heath (1921), pp. 220-5.) 
Some scholars (for instance, Hasse and Scholz) believe that the discovery 
of incommensurability and perhaps also Zeno’s paradoxes made the 
Pythagoreans aware of the untenability of their whole conception of 
geometry. As a final instance of the uncertainty in Greek mathematics at 
this period, I might mention the several solutions then known to the 
problems of squaring the circle, duplicating the cube, and trisecting an 
angle. (See Heath (1921), pp. 225-70.) These solutions involved very 
ingenious operations, apparently much more complex than those involved 
in, say, bisecting an angle. It is not surprising that the question whether 
these solutions were satisfactory remained open; nor is it surprising that 
steps were taken to answer this question and those raised by difficulties like 
the ones just referred to. The steps taken involved making assumptions 
explicit and standardising proof techniques. Taking these steps produced 
the Euclidean axiomatic method—a method related to the difficulties 
as Socrates’ method is related to the difficulties in philosophy created by 
the Sophists. The evolution of the axiomatic method is explicable solely 
in terms of the desire for clarity and order in geometry. Philosophical 
conceptions of mathematics, such as those of Plato and Aristotle, were 
more probably the result of philosophically coloured reflection on mathe- 
matical practice than causes of that practice. 

Euclid’s first principles, then, are things agreed upon for the sake of an 
orderly and unconfused development of mathematics. They are of three 
kinds: (x) postulates concerning permissible constructions, (2) assumed 
assertions, (3) definitions. This division does not coincide with Euclid’s 
own division of first principles into postulates, common notions, and 
definitions, for his postulates and his definitions include assumed truths. 
Although a great deal of work (notably in Von Fritz (1955)) has been done 
on the ancients’ interpretation of first principles, no one has yet produced 
an adequate mathematical or philosophical explanation of Euclid’s division. 
There is no reason to discuss the attendant problems here, however, 
since I wish only to make some brief remarks about Euclid’s assumptions 
and definitions. 

I said earlier that the Greeks took geometric assertions to be true. Their 
doing so is not incompatible with the view that first principles are things 
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agreed upon in order to make possible rational argumentation, for this view 
implies only that the question of the truth of a geometrical assertion 
cannot be a part of rational argumentation in which it plays the role of 
first principle. Thus, the question whether a geometrical first principle is 
true will not be a geometrical question although a geometer may very 
well be convinced of its truth and postulate it only because he believes it 
to be true. Plato takes exactly this approach to mathematical first principles 
in the Republic (510B-511D) where he claims they can be proved by a 
more refined method than that of the mathematician—dialectic. 

In the Posterior Analytics (I, 2, 71b21-22) Aristotle insists that the 
assumptions of a science be not merely true, but also ‘primary, immediate, 
and more known than, prior to, and causes of the conclusion drawn from 
them’. It is sometimes assumed that Euclid put this Aristotelian dictum 
into practice in the Elements. But, in so far as one can tell, the fifth postu- 
late was always a controversial one, and it is unlikely that Euclid thought 
it to fulfil Aristotle’s description of acceptable assumptions. Moreover, in 
other works of Greek science (e.g. Euclid’s Optics or Aristarchus’ On the 
Sizes and Distances of the Sun and Moon) one finds assumptions which can 
hardly be called immediate. And, of course, Archimedes’ remarks in the 
letter accompanying Quadrature of the Parabola show that he considered 
the so-called ‘axiom of Archimedes’ only plausible and reasonably well- 
confirmed. However, even Archimedes never suggests that the question 
of truth is irrelevant or that one might investigate the consequences of 
assuming the axiom to be false. 

Euclid’s definitions have frequently been belittled by modern com- 
mentators on the Elements who look at them from the perspective of the 
modern axiomatic method. (See, for example, Klein (1939), p. 196.) Of 
course the definitions could never figure in a formal derivation, but that is 
just one more reason for denying that Euclid’s proofs are formal derivations. 
The definitions should be looked at as attempts to make clear the meanings 
of the terms to be used before argumentation begins, that is, to make clear 
the nature of the objects to be studied. That the most fundamental 
definitions (e.g. of point, line, straight line) succeed only with persons who 
already have some idea what the objects in question are does not really 
matter if these definitions are taken to represent preliminary agreements 
among people of presumably normal intelligence. (Cf. Zeuthen (1896), 
p. 117.) But to say this is not to say that the terms are really taken as 
primitive because the understanding of the nature of the objects plays a 
role in Euclid’s proofs. Indeed, I am inclined to believe that most of the 
‘logical gaps’ which modern commentators find in the Elements are to be 
explained by reference to this understanding which for Euclid was 
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described adequately by the definitions: for example, the uniqueness ofthe 
line of postulate ı by the definition of straight line (definition 4); gaps in- 
volving betweenness by reference to definitions like that of line (definition 
2). (See Zeuthen (1896), p. 123.) I do not mean to imply, though, that such 
references really do close the gaps. The point is that these gaps exist only 
if Euclid is judged in terms of a mathematical method which was not 
his. 

I conclude, then, that a Euclidean derivation is an experiment per- 
formed on idealised physical objects, the experiment being limited by 
preliminary agreements (first principles) concerning the nature of the 
objects, some of their properties, and the operations that may be performed 
on them. Thus, Euclid’s geometry differs radically from that of Hilbert, 
in which a derivation is a deduction according to principles of logic from 
a certain group of sentences called postulates. To say simply that both 
Hilbert’s Grundlagen and Euclid’s Elements employ the axiomatic method 
can only obscure the very significant differences which I have just de- 
scribed. 


2 HAVING GIVEN what I regard as an accurate description of the appear- 
ance of Euclid’s Elements, I want to consider objections which have been 
raised to identifying ‘the real Euclid’ with this appearance. Primarily these 
objections depend on a false dichotomy: either the arguments of the 
Elements are intuitive, empirical, inductive, and inconclusive, or they are 
formal, logical, deductive, and conclusive. If this dichotomy be accepted, 
it is clear that the Elements must be placed on the side of the formal, 
logical, etc. Equally, it is clear that we can define terms in such a way as 
to insure that the Elements are placed on this side. Some scholars seem, for 
instance, to believe that the use of hypotheses (first principles) suffices to 
show that a science is deductive—hence logical, hence formal, hence con- 
clusive. Such assumptions are liable to make impossible an accurate 
conception of Euclidean argument. To attain such a conception we must 
give a clear and reasonable sense to terms like ‘inductive’ and ‘deductive’ 
and then decide whether, in the sense given, the terms apply to Euclid’s 
Elements. 

Characteristically, an inductive argument is described as one in which 
a conclusion is reached about all of the members of a class on the basis of 
an examination of some of the members (the inductive sample). Since 
Euclid’s arguments for general propositions involve the examination of only 
a single case, to call them inductive would be to cast doubt on their sound- 
ness. For, ordinarily, the plausibility of inductive argument is thought to 
increase with the size of the sample. Using the word ‘inductive’ in this 


296 Ian Mueller 


sense, it would be wrong to call Euclid’s arguments inductive; and in so far 
as one identifies the inductive with the empirical, it would be wrong to 
call them empirical also. 

Some such notion of the empirical seems to be involved in the standard 
contrast found in, e.g. Eves and Newsom (1958, pp. 5-9) or Reidemeister 
(1949, pp. 11-12) of Greek mathematics with its empirical Babylonian 
and Egyptian predecessors. The Babylonians and Egyptians arrived at 
their formulas by measurements and examination of cases, procedures 
obviously foreign to Euclidean mathematics. The contrast here is of great 
importance, but it does not tell the whole story and should not be 
over-emphasised. Szabó (1958), for example uses it to call Greek 
mathematics anti-empirical and to connect Greek mathematics with the 
anti-empirical epistemologies of Parmenides and Plato. Explaining the 
non-empirical character of mathematics requires, however, no reference to 
external forces since this characteristic is intrinsic to mathematics. What 
distinguishes mathematics from other sciences is that empirical observation 
is seen to be indecisive in establishing certain general laws. 

Consider, for example, the question, ‘What is the largest collection of 
objects subject to combinatorial manipulations corresponding to addition, 
subtraction, etc.?’ There is no largest because the addition of one more 
object to such a collection would not hamper a person’s manipulating the 
objects mathematically. On the other hand, there are collections which no 
human being can in fact manipulate, even mentally. This circumstance 
is indicative of the difficulty of formulating an arithmetic just in terms of 
empirical observations. The desire for coherence more or less forces upon 
us the idealised extrapolation of the sequence of integers. And, although 
infinitely many members of this sequence are not even visualisable, use of 
the sequence makes possible the formulation of general and simple laws 
governing ordinary arithmetic manipulations. 

In some cases mathematical results are incompatible with all possible 
observation. Any direct measurement of the side of a square will yield a 
result commensurable with the result of measuring the square’s diagonal, 
although it is an elementary mathematical truth that diagonal and side 
are incommensurable. This mathematical truth and others like it were 
undoubtedly important factors in the development of Plato’s philosophy. 
But acceptance of the truth does not depend on acceptance of an anti- 
empirical philosophy. For reliance on observation makes it impossible to 
say what the ratio of side to diagonal is, since the results of measurement 
vary. Acceptance of a ratio given by just some observations would be arbi- 
trary in a way that, given the proof, acceptance of incommensurability is 
not. Moreover, the incommensurability of side and diagonal explains the 
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variations in measurement results and therefore helps to systematise 
certain empirical facts. 

The non-empirical character of Greek mathematics is, then, explicable 
without reference to anti-empirical philosophical views. The very attempt 
to formulate mathematical generalisations leads to idealisation which 
goes beyond empirical observation. However, there are degrees of ideal- 
isation. Consider, for example, the geometric notion of a line. Euclid gives 
an abstract, apparently Platonic definition of line—‘A line is breadthless 
length’ (definition 2, Book I). But the only lines used in the Elements are 
straight or circular. Aristotle seems to have believed that all lines are com- 
posed of circular and straight segments (De Caelo, 268b17). Later Greek 
mathematicians extended their working conception of lines only by adding 
a few other mechanically constructible lines to their repertory. However, 
their conception always remained within the bounds of the intuitively 
imaginable, hence, closely tied to the empirical. The separation of the 
mathematical conception of a line from the intuitive one was a gradual 
process which began with the discovery of analytic geometry and the 
calculus and ended, perhaps, with the general definition of continuity. 
In terms of such definitions one can reason about lines (e.g. space-filling 
curves) in ways which completely transcend intuition. 

I do not wish to claim that intuition has been banished from modern 
mathematics. It has not. Nevertheless, it is generally agreed that the 
elimination of intuitive notions from the treatment of certain basic con- 
cepts is a—if not the—fundamental achievement of modern mathematics. 
I find no evidence of this approach to mathematics among the ancients. 
Indeed, the character of Greek mathematical reasoning, which I have 
described in the preceding section, seems antithetical to such an approach. 
It therefore seems justified to say that Greek mathematics is, by mathe- 
matical standards, empirical. If, however, primitive mathematics or 
Aristotelian biology is taken as the standard, Greek mathematics is not 
empirical. 

The characterisation of the Elements suggested in the preceding para- 
graph might seem incompatible with the obviously deductive nature of 
the work, but here again we must specify what sense we are giving to the 
word ‘deductive’. The Elements is deductive in the sense that its pro- 
positions are derived from first principles; yet normally to call a work 
deductive is to imply that the derivations are logical in character. But, as I 
argued in the previous section, Euclid’s derivations are not. In so arguing 
I do not mean to deny that most of Euclid’s arguments presuppose certain 
principles of logic at one point or another. It is a commonplace that people 
use logical principles unconsciously and correctly. However, logically 
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correct reasoning must be distinguished from reasoning based on logic. 
Euclid’s reasoning is logically correct, but there is evidence that he had no 
understanding of the logic of his time. For, as DeMorgan remarks, ‘Euclid 
may have been ignorant of the identity of “Every X is Y” and “Every 
not-Y is not-X” for all that apppears in his writing; he makes the one to 
follow from the other by a new proof every time’ (quoted in Heath (1925): 
II, p. 29).! 

Thus, the sense in which the Elements is deductive does not preclude 
its being, in a sense, empirical. However, it does not seem correct to call 
the Elements logical or formal in a sense approximating that given to these 
notions by modern logic. One might easily be misled by the fact that in a 
large number of cases Euclid’s arguments can be transformed into ones 
which resemble arguments obviously sound by the principles of modern 
logic. (How close the resemblance is will depend on how sympathetic the 
person making the transformations is.) However, this possibility does not 
show that the transformations either preserve or reveal the ‘inner workings’ 
of the original argument. It can be shown, moreover, that the property 
of modern mathematics which makes logic directly applicable to it is 
absent from ancient mathematics and, therefore, that the transformation 
of Euclid’s arguments into modern logic is misleading. 

' It seems to be agreed generally that the idea of structure is essential in 
modern mathematics. P. Bernays (1959, p. 22) has described mathematics 
as ‘the theoretical phenomenology of structures’. My contention is that this 
conception of mathematics does not apply to ancient mathematics, in 
which structure plays no role. For the notion of structure has its roots in 
areas of mathematics which have no genuine analogue among the ancients: 
abstract algebra, analytic geometry, real number theory, and mathematical 
logic. It is not possible to describe here the evolution of the idea of struc- 
ture in the modern era. An important step in it is the realisation that 
Euclidean geometry has an interpretation in the universe of the real 
numbers—a realisation made possible by the existence of analytic 
geometry and making possible the unification of two apparently diverse 
subjects, the study of. space and the study of number. One effect of this 
unification was the clear conception of space as a class of points and of 
geometry as the study of the relations existing between them. Given the 
interpretability of the class of points as the class of real numbers (pairs or 


1 The distinction between logically correct reasoning and reasoning based on logic shows 
the inconclusiveness of Szabd’s (1964, pp. 42-8) argument that the use of indirect proof 
is a sign of the non-intuitive character of Greek mathematics. One cannot have an 

. image of what is not the case geometrically, but one can use an image or diagram to 
show that something i is geometrically impossible, as in Socrates’ argument in the Meno 

“or in the proof of I, 6. 
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triples of real numbers) and of the geometric relations as relations between 
real numbers, it is a short step to the view that geometry is nothing but the 
study of any class of objects and relations on those objects isomorphic 
to the class of points and the original geometric relations. In other words, 
it is a short step to the view that geometry is the study of abstract structure. 
Logic made possible the perfection of this view by providing a theory of 
structure-preserving inference and a set of formal rules enabling one to 
derive from a set of axioms all and only the sentences true under every 
interpretation making the axioms true (in every structure in which the 
axioms are true). It is important to realise, however, that these formal rules 
depend on the notion of structure, interpretation, or model for their 
justification. 

I do not believe that the Greeks possessed the notion of mathematical 
structure in this sense. The descriptions of mathematics which have 
survived from antiquity never employ notions like that of structure. The 
mathematical practice of Euclid and other mathematicians of antiquity 
suggests strongly the definition of geometry as the science of magnitudes 
(megethe). The geometrical magnitudes which Euclid studies are not 
‘structural objects’, but, as I have argued, the intuitively perceived spatial 
objects which are characterised in his definitions. There is no indication 
that he considered these objects (e.g. points) as constituting a system or 
structure. Had he so conceived them, he might equally have had the idea 
of an isomorphic system; and had he had this idea, it is hard to see why 
the Elements should contain so many ‘logical gaps’. For it is precisely the 
development of this idea which made it possible for the moderns to dis- 
cover these gaps. To attribute an understanding of abstract structure to 
Euclid or his contemporaries is to obscure, if not to obliterate completely, 
the revolutionary character of nineteenth-century mathematics. The 
absence of an understanding of mathematical structure among the ancients 
makes it misleading and probably impossible to call Euclid’s argumentation 
logical or formal. For it is in terms of structure that the idea of logical or 
formal argumentation is given a precise sense. 

‘Perhaps the major obstacle to an acceptance of the interpretation of 
Euclid’s arguments as thought experiments is the belief that such argu- 
ments cannot be conclusive proofs. In particular, one might ask how 
consideration of a single object can establish a general assertion about all 
objects of a given kind. Part of the difficulty is due, I think, to failure to 
distinguish two ways of interpreting general statements like ‘All isosceles: 
triangles have their base angles equal’. Under one interpretation the state- 
ment refers to (talks about, presupposes) a definite totality—that is, the 
class of all isosceles triangles—and it says something about each one of 
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them. Under the other interpretation no such definite totality is pre- 
supposed, and the sentence has a much more conditional character—‘If a 
triangle is isosceles, its two base angles are equal.’ A person who interprets 
a generalisation in the second way may hold that the phrase ‘the class of 
all isosceles triangles’ is meaningless because the number of isosceles 
triangles is absolutely indeterminate. 

In modern mathematics the first way of interpreting generalisations is 
customary. The reason is that, in connection with a system of objects, it is 
natural and appropriate to treat a generalisation as an assertion about all 
objects in the system. Although most proofs of generalisations involve 
establishing the assertion for a particular but arbitrary object, no problem 
arises in connection with the question whether the object is arbitrary. For 
this is just the question whether the proof involves attributing to the object 
any properties which have not been proved to belong to all objects of the 
same kind. Formalisation makes this question effectively decidable. In 
connection with intuitive argument the question is much more difficult, 
since any intuitively perceived object has properties distinguishing it from 
others of the same kind. The second interpretation of generalisations 
perhaps eases the difficulty somewhat and is obviously more suitable for 
mathematics in which systems of objects play no role. Under it a proof 
can be looked on as giving a procedure for verifying that a given assertion 
holds in any particular case which may arise. Looked on in this way, a proof 
of a theorem is very like a proof of a problem which gives a method of 
construction to apply in any particular case. (Cf. the account of finitary 
reasoning in Hilbert and Bernays (1934), pp. 32-45.) One ground for 
interpreting Euclidean generalisations in the second way is the fact that 
most of the theorems in the Elements are stated as conditional sentences 
(e.g. proposition 6, Book I). The word ‘all’ (pas) occurs very rarely in the 
Elements and often has to be translated ‘any’ (as in postulate 1). However, 
I think it would be wrong to place much reliance on such linguistic facts, 
since almost certainly Euclid’s terminology was a matter of convenience 
rather than of a conscious philosophy of mathematics. The interpretation 
of general assertions in the Elements must depend on a general account 
of the whole work. The account given here seems compatible only with 
the second interpretation of generalisations. 

Even if this interpretation of Euclidean generalisations be accepted, it is 
still possible to deny that a thought experiment could establish them con- 
clusively. For there is a sense in which one cannot be certain that a 
construction or verification procedure can be carried out in any case from 
seeing it carried out in one case. What needs to be said here seems to be 
that conclusiveness is a time-dependent notion. We may if we wish insist 
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that only arguments meeting the standards of modern mathematical logic 
are conclusive—in which case, Euclidean arguments are not. In fact, 
however, everyone accepted Euclid’s arguments as sound until the nine- 
teenth century, and it is hard for me to make sense of the claim that 
they were wrong. The limits of intuition are reached at higher levels of 
mathematics than the Greeks attained—for instance, in connection with 
the attempt to define ‘curve’ or ‘continuous’. To suppose that the in- 
conclusiveness at these levels shows that intuition is always inconclusive 
in mathematics is to make an unjustified generalisation. ‘Conclusiveness’ 
can be defined in terms of mathematical practice as well as in terms of-a 
mathematical ideal (cf. remarks 1-23 in Wittgenstein (1964)). 


3 IN JUSTIFYING his conception of Greek mathematics, Szabó relies much 
more heavily on Greek arithmetic than on geometry. Indeed, it is perhaps 
more accurate to say that he insists on the misleadingness of geometry as 
a basis for inferences about Greek mathematics (see (1958), p. 123). The 
tenability of this position is not at all clear. For the geometry of the Greeks 
surpasses their arithmetic not only in quantity—the bulk of work done— 
but also in quality. The Greeks developed only a small portion of arithmetic 
systematically; and the few complicated results which they obtained, such 
as the theorem on perfect numbers (proposition 36, Book IX), appear as 
isolated insights. In contrast, the Elements contains a relatively complete 
development of elementary geometry, to which Archimedes and Apollonius 
were able to add a large number of complex theorems. Moreover, as has often 
been pointed out, the standardisation of mathematical technique embodied 
in the Elements is primarily a geometrisation of mathematics. In many 
cases, number theoretic results have been recast as geometric ones. What- 
ever the explanation for this fact, the fact itself suggests that, for under- 
standing proof in Greek mathematics, geometry is more important thani 
arithmetic. : 

On the other hand, it seems to have been a generally accepted philo- 
sophical belief that arithmetic is somehow superior to geometry and, indeed, 
to any other science. I prefer to postpone discussion of this belief until I 
have completed a detailed examination of Szab6’s analysis of arithmetic 
proof. For I think it is clear that the analysis will not stand up; and if it 
will not, explanation of other philosophers’ conceptions of geometry and 
arithmetic will diminish in importance. I would like to consider Szabö’s 
analysis in terms of the example which he has used on at least two 
occasions (1958, pp. 118-21, and 1964, pp. 39-42), propositions 21 and 
22 of Book IX. - 

If any number of even numbers be placed together, the whole is-even. 
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For let any number of even numbers AB, BC, CD, DE, be put together; I say 
that the whole, AE, is even. For since each of the numbers AB, BC, CD, DE, is 


A B € D E 
Hh dd a _--- 


even, each has a half part; thus the whole, AE, also has a half part. But an even 
number is one which is divisible in two; therefore, AE is even. Q.E.D. 


If any even multitude of odd numbers be placed together, the whole is even. 

For let an arbitrary even multitude of odd numbers, AB, BC, CD, DE, be 
put together; I say that the whole is even. Since each of AB, BC, CD, DE is 
odd, if a unit be taken away from each, each of the remainders will be even. 
Thus, the number put together from them will be even. | 


A B c D E 
— 4. — 


But the multitude of the units is even; therefore, the whole, AE, is also even. 
Q.E.D. 


Szabó contrasts these proofs with their ‘intuitive and empirical’ originals, 
reconstructed in (1936) by O. Becker. These original proofs involved the 
manipulation of coloured pebbles. Becker’s illustration of the technique 
in terms of proposition 21 may be described as follows. We imagine the 
mathematician saying, ‘Let the numbers be four, six, ten, and two’, and 
laying out pebbles in this pattern: 
000®@ 0009006 000009000® oe 

Moving the pebbles gives a representation of the whole: 

OO SSOCOCOSOBOOCOCOCSSCCEEOE 
And rearranging shows that the sum in question is indeed even, i.e. 
divisible in two equal parts: 

0000000000080 909000006 


The process described here is different in no fundamental way from 
Socrates’ proof in the Meno done with diagrams in the sand. I have argued 
that the difference between Socrates’ method and a Euclidean proof is 
basically that between spoken and written argument. Is there a pro- 
founder difference between the manipulation of pebbles just described 
and the Euclidean proof derived from it? It seems that perhaps there is, 
for although Euclid does describe the movement corresponding to changing 
the pebbles from the first position to the second—i.e. putting together the 
numbers, he does not describe either dividing the numbers in two or 
rearranging the halves. It is simply said that the even numbers have half 
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parts (presumably by reference to definition 6, Book VII) and directly 
inferred that the whole, the result of putting the numbers together, has a 
half part—i.e. is even. 

But what is the nature of this direct inference? From the perspective 
of modern axiomatic mathematics the inference is unjustified. For the 
inference rests on the commutativity and associativity of addition, and 
Euclid proves no theorems concerning these properties. The tacit use of the 
properties shows that Euclidean arithmetic rests on intuition as much as 
geometry does. Addition is a putting together (synthesis) of collections of 
units, and it was to Euclid ‘obvious’ that the result of addition is indepen- 
dent of the order in which collections are combined. In the same way it was 
‘obvious’ to him that a line from a point inside a circle to a point outside 
intersects the circle. There is no ground for distinguishing his geometric 
inferences from his arithmetic ones on the basis of mathematical ‘purity’. 

Szabé places great emphasis on the use of lines instead of dots to re- 
present numbers in the Elements. Indeed, he even says that, when this 
method of representation was first used, ‘a new era dawned upon the 
history of mathematics’ (1964, p. 42). The following quotations illustrate 
his reasoning: 

The same sections denoted by the same letters represent odd numbers in the 
demonstration of the following theorem (Elements, IX, 22). Let us make it clear 
that the difference between the even and odd numbers can by no means be 
illustrated with sections of a line, because any of the sections can be halved, yet 
of the numbers only the even ones can be halved. And in the spirit of Greek 
arithmetic not even the unit can be represented as some section of a straight line 
because the unit is indivisible whereas the section is always divisible. Euclid 
does not care to visualise the transformation of odd numbers into even numbers 
either. In the demonstration of the theorem IX, 22, for instance, we read: 
‘Let us subtract one from any odd number, AB, BT, T4, and AE, and it 
becomes an even number.’ This is only a verbal statement within the demonstra- 
tion, and nothing is undertaken to illustrate it on the above-mentioned sections 
of a straight line (1964, p. 41). 

Obviously, by using pebbles, only some concrete even or odd number, say 
six, seven, etc., can be represented, yet no illustration can be given of the even or 
odd number in general. A section of a line, on the other hand, can always be 


the symbol of any arbitrary number. This means that the new way of representa- 
tion might have been devised—among other reasons—by the endeavour to 


achieve a higher degree of generality (1964, p. 42). 

Szabó seems to say both that the diagrams play no role in proofs like 
those under discussion and that the use of the diagrams represents a 
striving for greater generality. Presumably, if the Greeks thought that the 
diagrams were irrelevant, they would not have worried about making them 
more general. In any case, the greater generality of lines over dots, 
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emphasised by Szabó, is hardly significant. For most of the arithmetic 
propositions in the Elements refer to an arbitrary number of numbers or 
operations although the diagrams and proofs deal with a specific number. 
For example, proposition 21, Book IX, deals with the sum of an arbitrary 
number of even numbers, but diagram and proof mention four such 
numbers. The inference from the conclusion that the sum of four even 
numbers is even to the conclusion that the same is true of any number of 
even numbers seems to be the same in kind as the inference from ‘the 
‘sum of four, six, ten, and two is even’ to ‘the sum of any four even 
numbers is even’. Both would normally be called intuitive and classed 
with geometric inferences from a property’s holding of one figure to its 
holding of all figures ‘of the same kind’. Moreover, even the greater 
generality of the representation of numbers by lines vanishes when Euclid 
represents the unit (as in VII, 1, and IX, 23, for example). 

The representation of numbers by lines instead of dots is sufficiently 
explained by the Greek geometrisation of mathematics. For with this 
representation arithmetic operations become nothing but geometric 
operations on lines justified or tacitly presupposed in the non-arithmetic 
books. Addition of one number to another is extending a line by a given 
length, multiplication by a number n extending a line by its own length 2 
times, and division by two, bisection. Perhaps the most important arith- 
metic notion which is given a geometric guise when numbers are re- 
presented as lines is measurement. Of course the lines have properties— 
infinite divisibility, for example, which numbers do not have—but so does 
any diagram representing mathematical objects. Even the ‘empirical’ 
mathematician pays attention only to the properties of a diagram which are 
mathematically relevant. Making inferences about mathematical objects 
using diagrams or images but ignoring their irrelevant properties is mathe- 
matical abstraction at its lowest level. Making such inferences is quite 
different from making inferences to which no image corresponds. 

_ There is, nevertheless, a sense in which the arithmetic diagrams do not 
illustrate their proofs as fully as geometric diagrams do. The degree of 
illustrativeness varies among the arithmetic diagrams. In the case of IX, 
21, the diagram illustrates only the addition of four numbers, not their 
halving and rearrangement. The failure to illustrate these operations can 
be explained by asking what sort of diagram would illustrate the proof. 
‘The answer seems to be that only a series of diagrams corresponding to 
those involving dots, as given above, would. Despite the simplicity of the 
combinatorial argument, its diagrammatic representation is complicated. 
Geometric arguments, on the other hand, are usually much easier to 
represent diagrammatically than are combinatorial arithmetic arguments. 
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For this reason one might call combinatorial reasoning more abstract than 
geometric argument, although both are equally intuitive and experimental. 

The arithmetic books of the Elements furnish no good evidence that 
Greek arithmetic was a less intuitive discipline than geometry. It remains 
to discuss the philosophical belief in ‘the priority of arithmetic’. My main 
purpose will be to show the insufficiency of evidence for Szabd’s claim that 
this belief is connected with a belief in the abstract character of arithmetic 
reasoning. Szabó locates the origin of the belief in the priority of arith- 
metic in a distinction between historia, ‘empirical knowledge of visual 
origin’, and a mathema, ‘a discipline of true mathematics’, which he alleges 
the Pythagoreans made as early as 500 B.C. (1958, p. 115). The evidence 
for such a distinction is virtually non-existent. Szabó refers to Iamblichus 
(9, sect. 89) and Aristotle (Metaphysics, I, 5, 985b23 ff.) to argue that the 
early Pythagoreans considered geometry empirical and arithmetic truly 
mathematical. Iamblichus says only that Pythagoras called geometry 
historia and does not give an explanation for the nomenclature. Aristotle 
refers to the so-called Pythagoreans as the first to deal with and advance 
mathemata. He does not suggest any special connotations of the word 
mathema; thus, one would suppose him to be using it in its customary 
sense to refer to all sciences including geometry (see Snell (1924), pp. 77- 
81). This use of the word is even attested for the Pythagoreans themselves 
(Diels and Kranz (1956), 47.B.1). Moreover Aristotle himself gives what 
is usually accepted as the correct explanation for the Pythagorean belief 
in the priority of arithmetic: 

Since of these principles numbers are first by nature and they thought they 
saw many likenesses of the things that are and of the things that come to be in 
numbers rather than in fire, earth, or water so that they called justice such and 
such a quality of numbers, soul and reason another, opportunity a third; and 
they treated everything else similarly, seeing the qualities and ratios of music 
in numbers; and since other things seemed to be like numbers in their whole 
nature and numbers to be the first things of all nature, they assumed the elements 
of numbers to be the elements of all things and the whole heaven to be a musical 
system and a number (Metaphysics, I, 5, 985b26-986a2). 

I cannot suppose Aristotle to be wrong in this historical report, for not 
only is it plausible but also Aristotle repeats it more than once. Moreover, 
no good evidence contradicts it. If Aristotle is right, the Pythagorean 
conception of the priority of arithmetic rests not on any mathematical or 
logical insights but on the naive notion that everything, physical or con- 
ceptual, is made out of numbers. This notion seems to be neither empirical 
‘nor mathematical but, rather, wildly speculative. In the case of many later 
writers the appeal of speculation and of the authority seems to have been 
the basis for propounding the priority of arithmetic. 
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Szab6 finds support for his radical distinction between arithmetic and 
geometry in the famous remark of Archytas: ‘And logistike seems to be far 
superior to the other arts in wisdom and especially to geometry in treating 
more clearly what it wishes. And logistike brings: proofs to completion 
where geometry leaves them out’ (Diels and Kranz (1956) 47.B.4). Szabé 
(1958, pp. 130-1) writes as if logistike obviously meant arithmetic here 
and refers for interpretation to O. Neugebauer (1936). Neugebauer, how- 
ever takes logistike to refer to an algebra very like Babylonian algebra. 
He argues convincingly that Book II of the Elements is a ‘translation of 
Babylonian methods into the language of geometric algebra’. Neugebauer 
reads the fragment of Archytas as an expression of the dominance of algebra 
in Western mathematics until 400 B.c. This plausible reading makes it 
difficult to suppose that Archytas meant by proofs something like Euclidean 
derivations. For there is no satisfactory evidence that logistike was ever 
anything but a technique of calculation. Indeed, the geometrisation of 
algebra was undoubtedly due to Greek dissatisfaction with merely success- 
ful algebraic calculation. Such calculation was rationally justified for them 
only when it had been reduced to geometry. 

The superiority of logistike to geometrised algebra is primarily technical. 
Logistike not only provides solutions to problems more quickly than 
geometry but also, unless the problem is geometrical, the geometric 
representation of the problem is cumbersome and unnatural. Archytas may 
be referring to these facts when he speaks of logistike bringing proofs to 
completion where geometry does not. However, he may have realised that 
Babylonian algebra could be applied to equations of higher than third 
degree—equations which cannot be treated geometrically. 

Most of the extensive work which has been done on Plato’s philosophy 
of mathematics has been based on Aristotle’s discussions of that philosophy 
in the Metaphysics. The inconclusiveness of this work and the complexity 
of the evidence make it impossible to handle the subject in detail here. It 
seems clear, however, that Plato in his later philosophy assigned a special 
significance to numbers, but it has not been satisfactorily shown how this 
special significance relates to mathematical practice. For example, no one 
has been able to give plausible mathematical significance to Aristotle’s 
references to Plato’s generating numbers from the one and the great and 
the small. The choice in interpretation seems to be between making Plato 
a mathematical genius whose insights were far ahead of his time and not 
understood by his contemporaries and regarding him as a mathematical 
‘amateur who indulged in vague speculations. In neither case is one able 
to make a close connection between Platonic philosophy and Greek 
mathematical practice. 
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In the dialogues themselves there is no satisfactory evidence that Plato 
made a significant distinction between geometry and arithmetic. His 
criticisms of mathematics at Republic, 510B-511, are obviously directed at 
both geometry and arithmetic. Szabé finds significance in the Epinomis 
(990 C-D) where ‘Plato mentioned geometry in the second place after 
arithmetic’ (1964, p. 115). However, in this passage, as in the similar 
Republic 521D-534A, greater importance seems to be attached to succeed- 
ing sciences. For in each case there is a progression toward a highest 
science—dialectic in the Republic, astronomy in the Epinomis.! 

Like Plato, Aristotle tends to treat geometry and arithmetic as basically 
the same. Both sciences deal with objects which are not physical (Meta- 
physics, III, 2, 997b35-998a1; XIII, 3, 1078a21-26) but are immovable 
(ibid. I, 8, 989b32-33); both proceed by proofs from first, unproven 
assumptions; and both are contrasted with more physical sciences— 
harmonics in the case of arithmetic (Posterior Analytics, I, 27, 87a33-34), 
optics in the case of geometry (Physics, II, 2, 194a7-12). However, Aristotle 
does say that arithmetic is prior to and more exact than geometry because 
arithmetic is based on fewer things (Posterior Analytics, I, 27, 87834-37; 
Metaphysics, I, 2, 982a26-28). He illustrates what he means by saying that a 
point has position but an arithmetic unit does not. What he says can be 
interpreted in terms of Aristotle’s theory of scientific method and in terms 
of his metaphysics. According to Aristotle, scientific proof is syllogistic 
derivation from first principles expressed as categorical propositions. Because 
arithmetic is based on fewer things, the first principles of geometry will 
involve the terms of arithmetic plus others, e.g. ‘having position’. Although 
this doctrine gives sense to the notion of the priority of arithmetic, it bears no 
significant relation to the mathematical facts. For even the simplest 
mathematical argument outruns the power of the syllogism. Moreover, it 
is an assumption of Aristotle’s theory of proof that proofs in arithmetic 
and geometry are the same except for the particular terms which they 
employ. Aristotle does distinguish, however, between the objects of 
arithmetic and the objects of mathematics. That is to say, the geometrician 
pays attention to more properties of physical bodies—for example, 
position, divisibility, solidity—than the arithmetician (Metaphysics, XIII, 
3, 1078a11-ı12, 21-26). This differentiation of objects is, however, a matter 
of degree and is not reflected in the methods of reasoning used in the two 
sciences, 


The belief in the priority of arithmetic outlasts the fourth century B.c. 


1 Szabó (1960, pp. 86-93) connects Plato’s calling space the object of a bastard reasoning 
. (Timaeus, 52B) with a disparagement of geometry. In fact, there is.no significant re- 
` lation between Euclid’s geometry and the study of space. See Jammer (1960), pp. 23-4. 
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and is reaffirmed by many authors in the Christian era. However, these 
authors give no satisfactory explanation for their belief. It seems very likely 
that they hold the belief as an unquestioned dogma based on Pythagorean 
and neo-Platonic principles. For example, Proclus writes: “The ancients 
said that geometry is a part of the whole of mathematics and has second 
place after arithmetic, being completed and determined by it; for every- 
thing expressible and knowable in geometry is determined by arithmetic 
logoi’ (1873, p. 48). Proclus seems to connect the priority of arithmetic 
with the existence of incommensurable geometric magnitudes. Relations 
between such magnitudes were inexpressible for the Greeks since they 
lacked satisfactory notation for them. But, given all the impressive results 
concerning incommensurables obtained by Greek mathematicians, there 
is no ground for saying that they are unknowable. Proclus writes as a 
person already convinced of the Superiority of arithmetic on non-mathe- 
matical grounds. 

Proclus also repeats Aristotle’s eenlansten for the priority of arith- 
metic, showing no awareness of the connection of the explanation with 
syllogistic (1873, p. 59). In general, however, he treats arithmetic and 
geometry as being very similar. He repeats a standard contrast of arith- 
metic with harmony and of geometry with spheric ((1873), pp. 59, 35-36). 
Elsewhere (1873, pp. 8-9) he says that both arithmetic and geometry are 
subordinate to universal mathematics. At another point ((1873), p. 60) he 
says that, of theorems common to both sciences, some are transferred 
from geometry to arithmetic, others from arithmetic to geometry. Proclus’s 
stating of these similarities further strengthens the impression that his 
belief in the priority of arithmetic is a matter of philosophical inheritance 
for which he personally had no satisfactory grounds. 

The Greek belief in the priority of arithmetic seems to be based on 
philosophical ideas and preconceptions rather than on an examination of 
mathematical argument. It does not provide any basis for Szabé’s account 
of the history and nature of Greek mathematical argument. The now 
nearly standard account of Euclidean proof as intuitive and empirical 


must be maintained. 
The University of Chicago 
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On the Design of Inductive Systems: Some 
Philosophical Problems 


by C. WEST CHURCHMAN and BRUCE G. BUCHANAN 


Humr’s PROBLEM of induction often appears to be the fundamental issue 
in philosophical discussions of hypothesis formation and testing. As a 
question about a working inductive system, for example, one embodied in a 
practising scientist, this is a fundamental issue. But still more basic 
questions can be asked about designing the best system for performing 
inductive tasks. Thus we wish to discuss a “systems approach” to the 
design of inductive systems. In this we shall be guided by the methods 
of rationalising or “optimising” systems that have been developed in recent 
years in system science and operations research. Our basic question, 
then, is whether the method of induction from experience can be described 
as rational, or, what issues need to be resolved in order to make it rational, 
where rationality is a property of a system. The philosophical base of this 
question goes back at least as far as the Republic. 

In order to bring some reality into our discussion, we have chosen 
a very specific task from analytic organic chemistry. We were guided 
here by the principle of the mean: we wished to avoid an oversimplified 
example of no real concern to anyone (are all swans white?), and on the 
other hand an example so complex that no one really understands it. 
Since we will ourselves be making some inductions from our single ex- 
ample, we may rightfully be accused of being a defective inductive system 
that operates in an ad hoc manner. But our aim is to raise questions rather 
than answer them. 

We begin by an account of the concept of a rational system. First, a 
system is a teleological entity, i.e. it can be viewed as seeking one or more 
goals. In the process of rationalising the system, the system scientist 
tries to generate a measure of performance of the whole system which 
estimates how well the system attains the specified goals. The optimal 
ar rational system is taken to be that design which maximises this per- 
formance measure. But normally this design can only be attained by break- 
ing up the system into parts or components, each with its own set of 
goals, and hence each with its own measure of performance. The com- 
ponents are linked to the whole system by a functional equation, which 
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expresses the system’s measure of performanceas a function of the measures 
of performance of the components. Thus, the problem of rational design 
is to design the components so that the system’s measure of performance 
is maximised. 

Since we are interested in the design of systems, and specifically, the 
design of an inductive system, then we need to add to the above the re- 
lationship between the designer and the system. The question of separabil- 
ity of components enters into the design problem, because the designer 
needs to know about the design of the other components in order to design 
some specific component. If he can consider each component, one by one, 
without having to worry about its relationship to the rest, then his design 
process is separable. Again, it is to be noted that the design of most real sys- 
tems, including inductive systems, is not separable, even though separability 
seems often to be assumed. One of our central questions will be the extent 
to which the designer of inductive systems needs to be concerned with the 
design of the data-generating component. 

The same concern can be expressed in another way, namely, as concern 
about the proper role of the epistemologist in the design of inductive 
systems. We might want to say, for example, that his role is one of evalu- 
ating proposed systems which a logician or engineer might invent. But 
compartmentalising the task in so simple a manner assumes the very point 
we question, namely, that inventing and evaluating are separable activities 
in the whole design process. If there is some desirability in stating exactly 
what an epistemologist should concern himself with, the desire will only 
be satisfied when we have a far clearer picture than we now have of the 
nature of inquiring systems. 

Before deciding on the components of the inductive system, suppose 
we begin by representing the so-called “inductive process” as a two- 
component system, although many writers would omit one or the other of 
the components in describing induction. The first component roughly 
corresponds to the discovery process, the second to the confirmation 
process. 

(1) Find an H which satisfies the schema 
D because H and E 
given D, the data to be explained, and E, the background statements, 
and some specified sense of ‘because’. 

(II) Determine the degree to which hypothesis H proposed in (I) 
is satisfactory, given the data and background statements, for 
some specified sense of ‘degree of satisfactoriness’. 

In different contexts, different kinds of hypotheses may count as rele- 

vant answers to Why-questions. A “how-possibly” explanation (in Dray’s 
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sense) may be appropriate in some contexts, for example, while other 
contexts call for deductive-nomological explanations (in the Hempel- 
Oppenheim sense). That is, different senses of ‘because’ may be applicable 
in different contexts. And, perhaps more obviously, the same is true for 
satisfactoriness. A hypothesis which is intuitively very likely may have a 
low degree of confirmation in some logic of confirmation. In this simple 
two-component inductive system the closer the first component comes to 
meeting the requirements of a specified sense of ‘because’, and the higher 
the degree of satisfactoriness is (in one specified sense), the higher the 
measure of performance of the inductive system. 

Hence the designers of methods for formulating and testing hypotheses, 
i.e. of inductive systems, must not only specify methods for carrying 
out (I) and (II), but they must specify what they mean by ‘because’ and 
‘degree of satisfactoriness’. By specifying what he means by ‘because’ 
in his system, a designer is determining the kinds of hypotheses which he 
is willing to admit as plausible or relevant candidates. And when he speci- 
fies criteria for determining how satisfactory a hypothesis is in his system, 
he is determining the degree to which hypotheses will count as satisfactory 
answers to the Why-questions posed to the system. In fact, much effort 
in the philosophy of science has been directed toward explicating the 
terms ‘explanation’ and ‘degree of confirmation’. But relatively little 
attention has been paid to the total inductive system for which these 
explications are made. 

Now there are a number of ways of conceiving the problem of designing 
an inductive system. One very prevalent way in philosophical literature 
is to assert that the problem from the philosopher’s point of view must 
be framed solely within a formal language. In this regard, the problem 
is similar to the deductive task of codifying the rules which define an 
acceptable string of symbols stretching from a given set to some desired 
conclusion. For example, Carnap’s studies of induction centre on designs 
for a logic of confirmation. No one who holds this view of deduction or 
induction denies that there are fascinating extra-logical questions of 
elegance of proof, intuitive insight, and so on. However, others, like 
Goodman (1955), seem to have serious doubts whether the inductive 
problem can be adequately encompassed within a purely formal language 
built out of logical connectives and terms. Next, there is the question 
whether one should expect to find some completely satisfactory inductions, 
or whether all inductive inferences leave some doubt about their validity. 

As will be seen, the practical problem of induction which we consider 
in this paper leads us to a very definite position on both these points. 
First, it appears clear to us that the purely logical aspects of the problem’ 
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cannot be distilled from other considerations, and especially not from the 
economies of time and strength of insight of the qualified scientists. In 
other words, quite apart from .Goodman’s question about the extra- 
logical character of projectible predicates, there are essential extra-logical 
considerations that enter into the choices the designer of an inductive 
system must make. Second, we are led to agree with those who see no 
completely satisfactory solutions to inductive problems. With the possible 
exceptions of a few trivial cases, the designers of an inductive system must 
acknowledge that “solutions” may be wrong, nor is it at all clear as yet how 
to measure the degree of doubt. 

. It is clear that the problem of induction as we consider it here is a philo- 
sophical problem, because it falls under the more general problem of 
how the mind learns, or ought to learn, from experience. If the problem 
belongs also to psychology and the computer sciences, then perhaps this 
is more a blessing than an evil. 

We turn now to the specific area of inductive inference which we wish 
to consider. For reasons mentioned below, the specific problem is taken 
from modern organic chemistry: explain the data, D, produced by a 
mass spectrometer given E, the existing theory of mass spectrometry plus 
background conditions. That is, 

- (A) Find a hypothesis H (in this case a molecular structure) which 
satisfies the schema 
D because H and E; 

(B) Determine that H is most satisfactory (i.e., that no other molecules 
account for the data—or at least not as well as this one—under this 
theory and these conditions). 

As in other routine scientific tasks, the set of concepts to be used in the 
explanations and in the descriptions of the experimental results is fixed. 
The higher-level problem of finding a language in which to describe 
this “‘taw data” and explain them does not apply here, at least initially, 
thought we shall address ourselves to it in the speculative conclusion of 
the paper. 

In the system embodied in the computer programme the H’s which 
satisfy the schema in (A) are molecular structures which are consistent 
with the data to be explained (where a-simplified theory provides a con- 
sistency check). The theory of mass spectrometry currently is not sufficient 
to allow (A) to incorporate the deducibility criterion of deductive-nomo- 
logical explanations; our choice of one way of weakening these criteria 
in such a case is another design choice which is open to question. The 
most satisfactory hypotheses in this system are just those with the highest 
estimated degree of satisfactoriness (or confirmation). The programme 
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currently makes this estimate by scoring the seriousness and the number 
of mismatches between a prediction for a candidate molecule_and the 
original data—using admittedly incomplete methods of -calculation. 

We chose mass spectrometry for our example because we are currently 
working with chemists and computer scientists on the design and imple- 
mentation of a computer programme which performs (A). and (B). 
Mass spectrometry was originally chosen as an inductive task suitable for 
detailed study for several reasons: explanation of mass spectra seems 
as typically inductive as any other routine scientific task; chemists do 
not find it trivial; existing work on representing chemical molecules ob- 
viated the common difficulties of finding a machine-readable representa- 
tion of data; the task is well-defined in that the form of the explanatory 
hypotheses is well specified; and there is agreement among chemists in a 
number of specific instances when one hypothesis is a better explanation 
of a mass spectrum than another. 

We may note at this point that H is in the form ‘X has property P’, 
where ‘X’ refers to a particular, individuated object, namely, the sample 
the chemist used in the mass spectrometer, and the property attributed 
to X is a graph structure. Seemingly, therefore, our problem ‘is quite 
different from the classical problem of induction, which was concerned 
with the method of passing from data to universal propositions. We. say 
‘seemingly’ because, as we shall see, it is quite impossible to separate 
one’s attitude towards the correctness of the tentatively offered universal 
sentences in the general theory. A very successful induction to a specific 
H increases the confidence in the theoretical laws. This result is very much 
in accord with E. A. Singer’s description (1959) of the empirical process 
of science, and W. V. O. Quine’s metaphorical description (1961) of the 
interconfirmations between laws and particular statements; a geodetic 
surveyor’s success in measuring the distance between two specific points 
on the surface of the earth at a specific time increases his confidence in the 
theory of the instruments he uses. Moreover, it is not uncommon for 
scientists.to postulate non-universal hypotheses as explanations of data. 
In the deductive-nomological model of explanation this is to say that 
incorporation of a particular statement into the explanans, the set of laws and 
background conditions, makes the explanandum, the data.to be explained, 
deducible from the explanans. Sometimes another universal- statement 
needs to be added to ae the rn but not always (see Hempel: 
1966 
$ eee Joshua Lederberg and Edward Are at Stanford originally conceived 

this project after Churchman suggested studying the design of 


inquiring sys 
‘See Churchmaii (1962) and’Ledérberg and Feigenbaum (z968). Mrs Crone Sutherland 
wrote much of the.computer programme. ` 
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© Chemists who work on the problem of identifying molecular structures 
from mass spectra have no rigorous or mechanical procedures which lead 
them from data to hypothesis. They look at clues, make guesses, and 
reject hypotheses in typically undefined ways. And they have no guarantee 
that their hypothesis is correct. Our task has been to determine whether 
these many intuitive moves of the chemist can be designed in an explicit 
way. 

For this discussion it is sufficient to say that a mass spectrometer is an 
instrument into which is put a small sample of some chemical compound 
and out of which comes data often represented as a bar graph. The 
instrument itself bombards molecules of the compound with electrons, 
thereby producing ions of different masses in varying degrees. The x- 
points of the bar graph represent the masses of ions produced and the 
y-points represent the relative abundances of ions of these masses. 

In order to understand the system, it will be necessary to enlarge 
the number of components, i.e. the number of distinct system tasks. 
For the mass spectrometry problem we have expanded the two-step 
inductive system to the eight components discussed below. Each component 
except the first is now represented by a part of a computer programme; 
the first is represented by the mass spectrometer. The tasks of these 
components, in general terms, are: 

1. Collect data. 

2. Adjust data in light of current theory. 

3. Suggest classes which contain plausible hypotheses by looking at the 

most significant features of the data. 

4. Suggest further limitations on hypotheses after consulting outside 

experts or the results of other tests (increase the theoretical base). 

5. Construct plausible hypotheses (using 1-4). 

6. Make predictions for each candidate hypothesis. 

7- Assign degrees of satisfactoriness to the candidates (using 6). 

8. Recycle if no hypothesis is satisfactory enough. 

Again we remind the reader that we are proposing this as one possible 
design for an inductive task, not as the best design for any inductive 
system. Of most interest here are the philosophical problems of designing 
an inductive system, which are illustrated by our experience with this 
mechanised system of chemical inquiry. However, our use of non- 
chemical language in describing the system is meant to suggest that this 
eight-step design may have other Nas similar attendant 
problems. 

Step one, data collecting, is not an easy step to EN fully. In a 
complete design, it is essential to specify not only how to collect data but 
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what data to collect. Researchers have documented many problems en- 
countered in this stage and have proposed various techniques for solving 
them, for example, random sampling techniques. However, it still is not 
clear what criteria a researcher should use to decide, for example, when 
one instrument or technique will give him data better suited to his immed- 
iate purposes than others, when to stop collecting data, when the conditions 
are unfavourable for PE reliable data, or even what will count as 
a datum. 

Although this particular programme avoids these problems by eoep 
only mass spectral information, in step two it must face the problem of 
sorting out the uninformative and unreliable data and finding the most 
significant data. Certain of the spectral lines on the graph have no signi- 
ficance either because they are produced by the machine and not by the 
sample, or else because they are produced by every sample. Thus, the 
designers must specify for the machine exactly what they mean by ‘un- 
informative’, ‘unreliable’, and ‘significant’. Although chemists have been 
able to give explicit criteria satisfying some of their intuitions, we are 
still entertaining the possibility that different criteria will improve the 
performance of the whole system. Thus the current theory of mass spectro- 
metry indicates that some of the data (peaks in the bar graph) should be 
ignored because, if present, they must be due to impurities in the sample, 
lack of care in recording data, a faulty instrument, or something of the 
sort. 

We should now note that this component of the system is not separable 
from other components, and especially not from the fifth. If we tried 
to define the second component’s task in purely logical terms, we might 
try to define ‘degree of relevance’ of a datum, and design the component 
so that it accepts all data with a relevance greater than a virtual zero. 
This might make the fifth task of constructing plausible hypotheses much 
easier, but on the other hand it would result in making the tasks of the 
first four components extremely complicated. There seem to. be .no purely 
logical criteria for deciding which data to use at step two, but there may 
be some economic criteria based on cost and time, as well as technological 
criteria based on computer memory capacity. In other words, the designer 
is forced to employ a mixture of logical and extra-logical considerations 
in selecting the data to be used. This seems a far cry from the affluent 
society where a man uses the observations of every swan he sees to check 
the hypothesis, that all swans are white. But, even where such affluence 
exists, it may be a poor strategy to restrict oneself to the language of the 
hypothesis in making inductions. 

In order to explain this last remark, it will be helpful to recall E. A 
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Singer’s paradigm of scientific method (1959). We suppose that the in- 
quirer can assign one of a set of properties to identifiable objects by means 
of observation. As in our illustration he wishes to select a satisfactory 
hypothesis about these objects, e.g. that all objects of a kind have such- 
and-such a property. Let us suppose that the inquirer is remarkably 
successful, so that indeed every object he examines has predicate P without 
exception. Would such a situation provide a satisfactory hypothesis? 
Most philosophers, including Singer and Goodman, would say no, because 
what is needed besides is some explanation of the success; Goodman would 
wish to test the projectibility of the predicate, and Singer would wish 
to subject the hypothesis to a more critical test. The point that each makes 
is that mere repetition of “successful” observations does not provide any 
(or provides very little) additional information. This is so because there 
may be a large number of explanations of the hypothesis none of which 
is excluded by the dreary repetition of successful observations. This 
situation is dramatically illustrated in our study. Suppose the inquirer 
were to concentrate only on a small set of mass points (x-points in the bar 
graph), and were to ignore all the heights of.the lines (y-points). Thus the 
second component of the system has performed its task in a very economical 
way. The third component now seeks to find a class of plausible hypotheses 
that will account for the existence of these few mass points. The specific 
problem of the fifth component is this: find a molecular structure which, 
if fragmented in the mass spectrometer, would produce at least fragments 
of these masses. When a candidate is found, it is confirmed that it satisfies 
the conditions of the problem. This means that every time a sample with 
this candidate structure is-fragmented these selected points appear on 
the x-axis of the resulting bar graph. But the trouble is that there are 
thousands of other candidates which also have this property. Selecting 
an economical set of data reduces our ability to discriminate among 
alternative explanations. Moreover, since the same selection criteria are 
used in each experiment, a mere repetition of experiments (on samples 
drawn from the same population) does not increase our ability to dis- 
criminate. 5S 

Singer’s proposal is that the inquirer partition the predicate P into a set 
of exclusive. predicates P4, P:,..., Pa, such that n>2, every object having 
predicate P; has predicate P, no object has both predicates P; and P} 
(ij), and every object having predicate P must have one of the predicates 
P; in the partitioned class. (The most familiar way of partitioning occurs 
when P is a scalar quantity, and the P; represent the next significant 
decimal place; but partitioning can also be done when P is not scalar.) 
Now the explanation of chief interest to the inquirer must be such that it 
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enables him to say which predicate of the partition class the object must 
have if the explanation is true. Thus successful partitioning may enable 
the inquirer to discriminate his candidate from other candidates which 
predict other predicates in the partitioned class. We say ‘may’, because mere 
partitioning by itself does not guarantee such discrimination; there must 
be some theoretical assertions which provide this guarantee. Furthermore, 
the ability to observe the predicates of the partition demands refinement 
of instruments and increasing the theoretical base. Evidently the partition- 
ing step can be repeated at the next level, and the grand hypothesis is 
that at some level of partitioning one and only one “‘satisfactory” explan- 
ation will emerge. 

One sees how strong the Kantian position becomes in this design. 
At the lowest level (we call it the ‘first-order theory’) some elementary 
a priori theory enables the inquirer to attach predicates to objects and 
sift out classes of plausible hypotheses. When we partition the predicates 
the theoretical a priori base must be increased. In our case, we can partition 
in several ways. We could use mass spectrometers with a higher resolution, 
which would enable us to pinpoint more accurately the composition of the 
molecule and fragments, or we could bring in more of the original data 
(y-coordinates of the bar graph as well as more x-points). In fact, we are ` 
doing both, but for this discussion it will suffice to describe the latter. 
At the first level of partitioning, we fairly crudely classify the intensity 
lines as ‘high’, ‘low’, and ‘absent’. The expert advice of our fourth com- 
ponent, which suggests further limitation on the hypotheses, must then 
pour into the system various sentences which provide the implications of 
high or low intensity lines. We were, in fact, probing the more or less 
unwritten lore of mass spectrometer chemistry. Some of the assertions 
given us by the chemist were by no means obvious to the layman, for 
example, that if spectral lines exist for fragments of mass x, and x,, then 
the original sample was an instance of structural class K (e.g. ketones). 
In other words, once we. had introduced a refinement in the data, we were 
able to ask more penetrating questions of our informants, and hence, as it 
_ turned out, to discriminate far better among the candidate hypotheses. 
We then proceeded to partition even further by refining our classification 
of the heights (y-points), and thereby adding more background statements 
supplied by chemists. 

To the logical purist, the fourth component must seem very sloppy 
and haphazard. Actually the third and fourth are inseparable, since the third . 
applies the criteria supplied by experts. In the fourth component, we iden- 
tify certain people as experts, and then ask them to supply rules to the in- 
ductive system which help the system to discriminate better, so that in the 
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fifth component the number of specific plausible hypotheses is significantly 
reduced. This aspect of our design problem does distinguish our efforts 
from those which are concerned with making inductions de novo. It would 
be fruitless to try to design an inductive system which learned all its organic 
chemistry and mass spectrometry only from its own observations. No one 
expects the chemistry student to learn in this fashion. The problem is rather 
of the following type: given a fairly rich set of theoretical sentences which 
have a relatively high degree of implicit or explicit acceptance within a 
discipline, how does the inquirer become aware of these sentences, and how 
does he select the appropriate ones to increase his power to partition and 
discriminate among candidate hypotheses? 

Of course, the expert may also have nontheoretical information about 
the sample in question which the system can use in this specific case. For 
example he may know that the sample is probably an aldehyde derivative 
because it was synthesised from an aldehyde. Often he brings in results of 
other analytical tests, infrared spectrometry, for example. Or he may know 
what sorts of things the synthesising chemists were interested in, or he may 
read clues from the smell of the sample, its boiling point, or other features. 

Again it should be noted, the components so interact that clear a priori 
guides to system design are lacking. For example, it would be possible 
to avoid steps three and four if the designers were willing to invest time and 
effort in steps six to eight. That is, the programme could consider all the 
possible hypotheses as plausible, counting on disconfirming the unaccept- 
able in the prediction-comparison phase. Or, conversely, by. putting much 
more effort into step three it might be possible to eliminate the prediction 
phase by reading clues from the.data so closely and carefully that there re- 
mains only one. hypothesis in the class of plausible candidates. It is not clear 
how much effort the system should put into one phase or the other—and 
not even clear to the designers how to decide the issue. Intuitive notions 
of efficiency have been the guide so far. 

We should note at this point that our inductive system bears some 
resemblance to Leibniz’s monads. All sentences are “contingent truths”, 
because the inquirer does not accept as final either what is given by the 
second, the data collecting component, or the fourth, the theory giving 
component. In both cases, we have found that a “given” is later rejected 
by the system. 

If we return to the problem formulation given at the beginning of this 
paper, we can reformulate the task of the first five components of the 
inquirer as follows: 

Find as mal) a number of H’s as possible which satisfy the schema: 

. D’ because H and F’, 


N 
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where D’ is some partitioned subset of the original data base and 

E’ is the union of the original E (theory and experimental conditions) 

with the statements supplied by experts. 

At this point the system must be able to generate hypotheses which 
are consistent with the (significant) data, according to the theory, and 
which satisfy other constraints. In the case of this programme, the total 
hypothesis space is defined by Lederberg’s DENDRAL algorithm (1964), 
which generates all acyclic connected graphs given the number of nodes 
(the composition) and the number of links from each node (the valences). 
When this algorithm is constrained by a model of chemical stability, it 
generates only hypotheses which are stable chemical molecules having the 
specified composition (isomers). Further constraints from steps 2-4 
allow only generation of those isomers which fit the significant data 
and which contain, or exclude, certain structural fragments. The exis- 
tence of the DENDRAL algorithm is crucial for this system, even though 
it always operates with constraints. Even when the system has such a 
hypothesis-generating algorithm the discovery process is complex, as we 
have seen. In other inductive tasks where there is no known algorithm 
the system would be even more complex. 

We turn now to a consideration of components six and seven, which 
test each candidate hypothesis, and hence perform the second task of 
finding the most satisfactory hypothesis. At first glance, the task seems 
simple. Apparently, all one need do is to predict the graph that would 
be produced if the candidate molecule were to be fragmented in the mass 
spectrometer, and then compare, line by line, the actual graph with the 
predicted graph. But to perform this task perfectly would require far 
more theory than is now available, or likely to become available. Indeed, 
were such a strong theory of the mass spectrometer in existence, its impact 
on the other components would be considerable. Note, for example, 
that the third component asks whether a certain class of molecules could 
have produced a specific spectral line. A perfect theory would immediately 
tell us whether this is so, and indeed might list all molecules that could 
produce a line of a specified intensity. Since the sixth and seventh com- 
ponents must operate imperfectly, their design faces much the same sort of 
problem as do the other components: a delicate balance of relevant data and 
expert theory versus overloading the system. Indeed, the earlier tasks are all 
re-introduced atthis stage. One must reconsider which spectral lines really are 
important. If the candidate theoretically produces a line at x, when no line 
shows on the actual graph, or fails to produce a line when a line exists on 
the graph, does this matter? The work of the second component is thus re- 
examined, as are the contributions of the experts in the fourth component. 

x 
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“ The seventh component’s task is classical: how to assess the plausibility 
of each candidate. It is exactly the problem faced by the statistician, who 
uses likelihood ratios to test the comparison of theoretical data points with 
“actual” data points. We merely note (again) that the classical version of 
this problem does not fit our needs, because of the ever present problem 
of the second component: Which are the actual data points? The statistician 
needs to have some probability density associated with each spectral line, 
and this seems difficult to provide at the present stage of theoretical 
development. It may eventually be possible to use a Bayesian approach, 
but at present we have chosen a much simpler scoring system, which 
operates on the spectral lines chosen by the second component. 

The last component, which recycles if no satisfactory hypothesis is forth- 
coming, has not yet been designed, partly because we have not been able 
to develop a strategy for its operation. What is needed is some history 
of the weakest links in the total process which might account for failure, 
so that in the recycling the inquirer could systematically change the weak 
steps to see whether a satisfactory candidate emerges. Including the chemist 
as part of the system alleviates this difficulty, for he is able to draw on much 
more experience than the programme, and thus has a “‘feel” for when some- 
thing has gone wrong. 
` Finally, we should mention a ninth component which is still highly 
speculative. This component would seek to find another representation 
of the problem which might remove the rather ad hoc steps, especially 
those taken in the second (data collecting) and fourth (theory construction) 
components. It may be possible to solve some of these mass spectrometry 
problems more efficiently by considering them in a different, perhaps 
non-chemical, framework. If so, it might pay to spend some time trying 
to fit the problem at hand into another familiar representation. Numerous 
examples of the success of this method exist in the history of science. 
As with the other components, however, there do not exist justifiable 
ways for determining when to use this component or how to measure its 
performance. And, in this case, there are not even any detailed suggestions 
about what to do. 
` Attempting to design a system for formulating and testing hypotheses 
has led us to ask several questions about inductive behaviour which we 
would not have asked otherwise. Each time a deficiency in the design 
is uncovered we are forced to consider alternative ways of improving the 
performance of the whole system: there is no reason to think that our 
first ideas for improving the system are the only ones, or the best ones. 
But considering alternative ways of accomplishing the same end leads us 
to some fundamental questions about system design: 
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(a) Why choose one design over another? 

(b) What is the measure of a system’s performance? 

(c) How much of the total effort should each specific part carry? 

(d) What is the measure of the performance of a single part? 
In these respects, designing a system which formulates and tests hypotheses 
(does induction) is no different from designing other complex systems. 
Focusing on a part of the system magnifies the importance of problems 
peculiar to the particular task, But when the system can be viewed as a 
whole, the fundamental questions appear to be questions about design. 
Moreover, this seems true no matter which particular design one advances. 

We conclude, albeit tentatively because our inference is from one 
example, that it is unlikely that any existing inductive system in the 
empirical sciences can claim to be rational, even approximately rational. 
Nor do we know whether the non-rationality is serious. But basic science 
is often described as an activity whose overriding goal is increase of man’s 
knowledge. It is an interesting speculative question to ask whether the pro- 
cess of pursuing this goal can ever become rational. 


University of California, Berkeley 
Stanford University 
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The Watson-Crick Model and 
Reductionism 


by KENNETH F. SCHAFFNER 


I INTRODUCTION 


There are a number of interrelated problems that cluster around the issue 
of reduction in the sciences. The logical analysis of theory, the meaning 
of theoretical terms, the nature of scientific explanation, and various 
theses concerning the nature of scientific progress, are all closely connected 
with the problem of intertheoretic reduction. The recent influential and 
important works of T. S. Kuhn (1962) and P. Feyerabend (1962) are a 
testimony to the centrality of the analysis of reduction in philosophy of 
science. 

Philosophy of science, however, is too often only the philosophy of 
physics, and though many philosophers pay lip service to the importance 
of biological theories, the examples and applications which are found in 
most of the work of philosophers of science are primarily taken from 
physics. 

The purpose of this paper is to look at the problem of reduction in 
biology, and in addition to clarifying some problems which are peculiar to 
the reduction of this science,! to comment on the implications which this 
analysis has for philosophy of science in general. The strategy of the paper 
is to look carefully, if schematically, at the results of biochemical genetics, 
and to do so from the point of view of tracing the consequences and develop- 
ments in molecular biology that are associated with the Watson-Crick 
model of DNA and its implications. Such a strategy, in the opinion of 
this author, makes the most fruitful use of the possible interrelations in 
this area of the history of science and the philosophy of science, resulting 
in the mutual illumination of both disciplines. This is not to say that this 
is the only way of presenting some of the history of molecular biology 
in a philosophically relevant way. A recent paper by Stent (1968) and a 
collection of reminiscences by prominent molecular biologists (Cairns, 
Received 24 January 1969. An earlier version of this paper was read to the 155th National 
Meeting of the American Chemical Society, San Francisco, April 1968. 

1 I shall often shift between talking about the reduction of a theory and the reduction of a 
science. This shifting is deliberate and is context dependent. Some of the rationale for 
talking in this way will be discussed in the text. The shifting is necessitated by the 


analysis of theory, correspondence rule, and the unsolved problems in a scientific 
‘domain’ (see p. 331, n. 2) used in this paper. 
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Stent, Watson, eds., 1966) represent other interesting accounts. Further 
sources will be cited below. 


2 DNA AND THE WATSON-CRICK MODEL 
In a paper written in 1950 Erwin Chargaff noted that: 


The last few years have witnessed an enormous revival in interest for the chemical 
and biological properties of nucleic acids . . . It is not easy to say what provided 
the impulse for this rather sudden rebirth. 


Chargaff did offer some possible explanations for this renewed interest, 
among them the earlier paper of Avery, MacLeod, and McCarty (1944) 
on the genetic transformation of pneumococcal types, but his own justi- 
fication of the interest was as follows: 


It is impossible to write the history of the cell without considering its geography; 
and we cannot do this without attention to what may be called the chronology 
of the cell, i.e. the sequence in which the cellular constituents are laid down 
and in which they develop from each other. If this is done nucleic acids will 
be found pretty much at the beginning. An attempt to say more leads directly 
into empty speculations in which almost no field abounds more than the chemistry 
of the cell. 


The situation is quite different today, in part due to Chargaff’s analysis 
of the relative amounts of the different nucleotide types in organismal 
DNA. Two years later, Hershey and Chase (1952) offered persuasive 
evidence that the genetic information in the T2 phage of E. Cok was 
carried in its DNA, and not in a protein. In 1953 in two short papers in 
Nature, J. D. Watson and F. H. C. Crick (1953a,b) proposed a structure 
for DNA and considered some implications of that structure. 

It is difficult to overestimate the significance of the accomplishment of 
Watson and Crick. Their model of the two intertwining right handed 
helices with sugar phosphate backbones and a varying sequence of purine 
and pyramidine bases on the inside not only has survived, in its essentials, 
the test of many and diverse experiments; it has also been instrumental 
in stimulating the general development toward a complete chemical 
explanation of biological organisms and processes. 

Watson (1968) has recently published an extensive account of his 
and Crick’s tortuous journey towards the DNA model, and the reader 
can easily locate literature which discusses the model, its revisions, ex- 
perimental support, and various unsolved problems, in far more detail than I 
can do here. The purpose of this paper is, rather, to argue that the develop- 
ment of the implications of the Watson-Crick model have given us per- 
suasive scientific reasons for believing that biology is nothing more than 
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chemistry—but chemistry, nonetheless, in which the chemical systematis- 
ation of the chemical elements plays a most important role. 

Watson and Crick noted in their early papers that their structure for 
DNA immediately suggested “chow it might carry out the essential operation 
required of a genetic material, that of exact self duplication ...” (1953b). 
They proposed that the double helix uncoils and forces the synthesis of a 
complementary chain along side of each separated helix. Some of the 
evidence for this account of self duplication—later termed semi-con- 
servative replication—will be surveyed below. 

In their second paper, Watson and Crick (1953b) also noted another 
most important consequence of their model: 

[Though] the sugar phosphate backbone of our model is completely regular, . . . 

any sequence of the pairs of bases can fit into the structure. It follows that in 
a long molecule many different permutations are possible, and it therefore seems 
likely that the precise sequence of bases is the code which carries the genetical 
information. 

The same paper also contained the suggestion that “‘spontaneous 
mutation may be due to a base occasionally occurring in one of its less 
likely tautomeric forms”. This suggestion, though not yet conclusively 
confirmed, did focus the attention of molecular biologists on using DNA 
structure to explain mutation.? 

Later I shall trace the logically relevant features of the development of 
fine structure genetics, the genetic code, protein synthesis, and the 
colinearity hypothesis to show how these are related to the Watson- 
Crick model, and how the findings of contemporary molecular biology 
support a general principle of biological reduction. Before this can be done, 
however, it is necessary to obtain a clear idea of what reduction is. 


3 THE LOGIC AND METHODOLOGY OF REDUCTION 


Various accounts of reduction have appeared in the literature of the 
philosophy of science.* Here I shall simply recount one example of re- 
duction in the physical sciences, and discuss its logic and methodology. 
This will require a rather long digression from biology, but it is necessary 
in order to prepare us for an analysis of the similarities and differences 
involved in the more interesting and controversial example of biological 
reduction. The digression will also permit me to comment on some of the 
misconceptions which are involved in some contemporary accounts of 
reduction. i 

The example which I shall outline is the reduction of physical optics 


1 For example, see Zubay’s (1968), pp. 151 ff., discussion on “The Molecular Basis of 
Mutagenesis’ for an account of mutation theory and its relation to the DNA sequence. 
? See my (1967a) for references. I shall refer to some of these accounts in more detail below. 


328 Kenneth F. Schaffner 


to Maxwell’s electromagnetic theory.! The reduction was worked out 
in the latter part of the nineteenth century, and it is now known to be 
incomplete. Maxwell’s theory is only adequate in the classical limit, 
and quantum electrodynamics is required for understanding most pro- 
cesses involving the interaction of light and matter. Nevertheless the 
example is a useful one, for it exhibits the logical structure of an actual 
reduction in the sciences: one that was accepted by most scientists and 
one which is used extensively, as an approximation, even today.? 

In the early 1860s James Clerk Maxwell constructed a mathematical 
theory of the interaction of electric and magnetic fields that was based 
on the experimental work of Faraday (and others) and some theoretical 
work of Kelvin. By introducing a radically new notion of ‘displacement 
current’, Maxwell was able to show that under certain conditions an 
electromagnetic disturbance would be propagated through the aether. 
In empty space—that is, space without ‘ponderable matter’ in it—the 
velocity of the disturbance was calculated to be equal to the velocity of 
light. Moreover, the equations for the electric and magnetic energies of 
the aether bore a strong resemblance to the equations for the kinetic and 
potential parts of the light energy of the optical aether. Maxwell did not 
hesitate to identify the optical and electromagnetic aethers and to assert 
the identity of light with electromagnetic waves. 

Maxwell and his followers were able to work out many of the con- 
sequences of these claims. Electromagnetic explanations of reflection, 
refraction, interference, dispersion, and diffraction were developed as the 
theory was extended and modified. Hertz, in a brilliant series of experi- 
ments, demonstrated that Maxwell’s electromagnetic waves could be 
produced and detected, and that their properties agreed with the properties 
of light. 

The logical (and methodological) features of this episode of reduction 
or explanation of physical optics by electromagnetic theory seem to be as 
follows: 

(x) The basic vocabulary of physical optics is connected with the basic 
vocabulary of Maxwellian electrodynamics in such a way that for any 
descriptive expression in physical optics one can construct a correlatable 
descriptive expression in electromagnetic theory. I have discussed, rather 
schematically, the logical form of the expressions which perform this 
‘correlation’ in my (1967a), but it would be wise to repeat the discussion 
in a slightly different terminology here. 


1 For the history of this reduction see Whittaker (1960), chapters 8 and 10. For an account 
of the logic and methodology of the reduction see my (1967c), chapter 2. 
2 For example, see Born and Wolf (1959). 
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Essentially we need to introduce what I term ‘reduction functions’— 
sometimes these are called ‘bridge laws’ or ‘connectability assumptions’ — 
which will identify the entities in the two theories, and which will associate 
the predicates. More specifically we can construct reduction functions 
for entity terms and predicate terms as follows: 

(a) We construct reduction functions for entity terms such that two 
universal names are connected by an identity sign, this to be interpreted 
as ‘synthetic identity.” An example in the optics-electromagnetic theory 
example is Z = E, where Z is the light vector of physical optics, and E 
is the electric force vector of Maxwell’s theory.! The identity so con- 
structed is in many ways analogous to the well known synthetic identity: _ 

morning star = evening star. 

All entity terms in the reduced theory must be identified with entity 
terms, or combinations of entity terms, of the reducing theory, but of 
course not the converse. (This reciprocal identification might occur, but 
it is unlikely in view of the greater generality of the reducing theory.) 

The senses of the two terms which flank the identity sign are different, 
but are related by the reduction function. Accordingly each term has a 
primary sense, fixed by its own theory, and a secondary sense, ascribed 
to it through its coupling in a reduction function to another term with a 
different but not contradictory sense. Clearly the analytic-synthetic dis- 
tinction is bent, if not broken in this analysis, but this is also the case in the 
analysis of scientific laws.? 

This augmenting of the primary sense is one of the ways in which 
this analysis differs from the analyses of reduction that have been developed 
by Nagel (1961), Feyerabend (1962), and Sellars (1963). Nagel contends 
that: 

Expressions distinctive of a given science (such as the word ‘temperature’ 
as employed in the science of heat) are intelligible in terms of the rules or habits of 


+ The sense of ‘entity’ used here is that of an ‘oscillating field magnitude of quantitatively 
determinable intensity and direction’. Toward the end of the last century a dispute 
developed as to whether fields were ‘substances’ in their own right or only modifications 
of a very subtle ‘material’ substance—the electromagnetic aether. By 1900 fields were 
accepted by many physicists as realities in their own right. Einstein (1931) wrote con- 
cerning this issue: 

At the turn of the century the conception of the electromagnetic field as an irreduc- 
ible entity was already generally accepted and the more serious theorists had 
ceased to believe in the necessity of ... providing [Maxwell’s equations] with a 
mechanical basis. 
Though for Maxwell, writing in 1862, the synthetic identity utilized in his reduction 
identified the electromagnetic and optical aethers rather than the field intensity vectors, 
the latter interpretation seems more plausible now because of special relativity theory 
and the abandonment of the aether. (My forthcoming Nineteenth Century Aether 
Theories, Oxford, Pergamon Press, considers these problems in some detail.) 
% See both Nagel’s (1961) discussion, pp. 64-7, and also Putnam’s (1961) essay. 
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usage of that branch of inquiry; and when those expressions are used in that branch 
_ of study, they must be understood in the senses associated with them in that branch, 
whether or not the science has been reduced to some other discipline. 


Sellars on the other hand claims that what I have termed the primary 
and secondary senses can both be ascribed, without distinction, to both 
terms. In connection with a discussion of the reduction of chemistry 
to physics using identity statements Sellars wrote: 


In the case of the reduction of one theory to another we can bring it about 
that the identity statements are unproblematic, both with respect to objects 
and with respect to properties, by making one unified vocabulary do the work 
of two. We give the distinctive vocabulary of chemistry a new use in which the 
physical and the chemical expressions which occurred in substantive corre- 
spondence rules now have the same sense. 


I shall comment more extensively on Sellars, and on Feyerabend, 
below. 

(b) We construct reduction functions for predicate terms—i.e. for 
n-ary predicates which could include functors—in a similar way. As 
above, such connections, as can be established must be referentially specified 
because the senses of the predicates to be associated are different. This 
can be done with the help of the extensional interpretation of n-ary pre- 
dicates in formal logic, in which ordered n-tuples are the extension of the 
predicates, Assume that entity reduction functions have been established, 
such that the ontology of the reducing theory 7, ranged over by individual 
variables x,...%n, is identified with the ontology of T, represented by 
Yı» - -Ym For example suppose yg = (x, x. Then a reduction function 
for any m-ary predicate, G3 of T;, is synthetically identified in our sense 
with an Ft of T,, if and only if the substitution of the x terms for the y 
terms in the extension of G% yields the extension of Ft. It is clear that pre- 
dicates which are synthetically identified should refer to the same‘‘object”— 
in this case the ordered aggregates of entity objects.’ 2 It should perhaps 
1 See N. Goodman’s (1966), chapter 1, and his account of ‘extensional isomorphism’ 
` for a related analysis. 

2 A question could be raised about the adequacy of using extensional identity to relate 

- entities and entity orderings (predicates). Both A. Fine (1967) and I. Scheffler (1967) 
have suggested in a somewhat different context that similar theoretical terms in different 

- scientific theories, e.g. ‘mass’ in Newtonian and Einsteinian mechanics, can be considered 
extensionally related even though the ‘meanings’ of the terms are somewhat different. 
M. B. Hesse (1968a, 1968b) has criticised both Fine and Scheffler and argued that ex- 
tensional identity is neither necessary nor sufficient to obtain the requisite connections 
between scientific theories that would insure substitutivity of terms and logical com- 
parability of theories. The problem with which these authors are concerned, however, 
is somewhat different from the problem in my account of theory relation which necessi- 
tates extensional relation. The difficulty for Fine and Scheffler centres about terms which 


are employed in- sentences which are contradictory, e.g. ‘MasaqNewtonian) is independ- 
ent of relative velocity’ and ‘It is not the case that Massceinsteinian) ig independent 
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be emphasised at this point that such reduction functions for predicates 
do not constitute definitions of the reduced theory’s predicates in terms of 
the reducing theory’s predicates, though they can become definitions. 
I shall have more to say on this point later. 

An example of such predicate/functor synthetic identification in the 
optics-electromagnetic theory case is the relation of n, the index of re- 
fraction, to the square root of the product of e, the refractory media’s 
dielectric constant, and u, the medium’s coefficient of magnetic per- 
meability: ` l 

n= yep 

Unfortunately this only holds approximately because of dispersion 
phenomena, but the relation was important in the testing of the Maxwell 
theory. 

It should be mentioned that such connections as are cited in (a) and (b) 
are not all constructed at the time of the first attempts at reduction. Some 
are introduced at this time, others are introduced later as the reduction is fur- 
ther developed. This non-simultaneous establishmentof reduction functions 
is further complicated by the fact that not all of the problems that fall with 
in theprovinceof the secondary science may have been solved by the sec- 
ondary theory. Such a distinction between ‘science’ and ‘theory’ is one of 
the reasons why I sometimes use one term, sometimes another, as the 
context demands.! For example adequate accounts for the optics of moving 
bodies and for dispersion phenomena were lacking in the ‘domain’ of 
physical optics when Maxwell’s theory was proposed, but were not forth- 
coming until the development of Lorentz’ and Einstein’s theories.? 

Similar complications are to be found in the reduction of biology, even 
of biochemical genetics, to physics and chemistry, as we shall see below. 
Nevertheless, if one is willing tocall such a relationship as was constructed 


of relative velocity’. Since the terms are different and yet not that different, Fine and 
Scheffler wish to find some way of relating the terms. In my account of reduction, such 
terms cannot be logically related because the relation is one of similarity. But there are 
other terms, such as ‘light vector’ and ‘oscillating electric field intensity between frequen- 
cies r and v’ which can be related in non-contradictory ways. It must be recalled that the 
‘light vector’ term may well have to change meaning so that it is not involved in such 
contradictory statements. Such a relation however requires extensional characterisation 
since the meanings are not the same: They differ in the way that the meanings of ‘Tully’ 
and ‘Cicero’ differ, but not in the way that the meanings of ‘Newtonian mass’ and 
‘Einsteinian mass’ differ. In my formalism, the shift from T, to T,* permits requisite 
change in the reduced theory. Since the identities are asserted as empirical hypotheses, 
there is no guarantee that they are correct and they may well be refuted as science 
progresses. 

1 See p. 325, n. 1. 

2 I am indebted for a discussion of the notion of a ‘domain’ and its relation to certain 
adequacy criteria to Dudley Shapere’s ‘Explanation and Scientific Progress’, forth- 
coming in a volume of the Boston Studies in the Philosophy of Science. 
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between Maxwell’s theory and physical optics, a reduction, then such 
reductions are being developed between biology and physics and chemistry. 

Attention must also be drawn at this point to the fact that theories 
change as science progresses, as the postulates of the theory and the way 
the theory relates to experiments shift. In an important sense, there is a 
strong family resemblance between Maxwell’s theory in Maxwell’s early 
papers (1861), in his later papers (1865 and 1868), and in the Hertz- 
Heaviside formulation (1890), so that one is justified in claiming it is the 
‘same’ theory. In reality there are strong analogies. When reductions 
between theories occur, terms in the reducing and reduced theories often 
change their meaning: they now have new connotations and the referents’ 
are characterised in a more general way. How and why this occurs is 
complicated: in part it is, as was suggested above, because of the establish- 
ment of the synthetic identities, but this in turn is partly associated with a 
transfer of “correspondence rules” between the two theories. I shall have 
more to say about this below. I now wish to stress that not only may 
the terms shift their meaning, but the form of the laws of the reduced, 
and even the reducing, theory can and do alter. Thus one might be led 
to a statistical phenomenological thermodynamics, as Szilard was, or to 
a variant of the form of the intensity laws of reflection and refraction in 
physical optics, as were physicists in the late nineteenth century (Schaffner, 
1967a). 

To put this in the formalism of theory reduction, the reduced theory 
may change to 73* as a result of revisions in it necessitated by desiring to 
make it conform to evidence highlighted by the reducing theory T. It 
may happen that T; itself, must be altered to get a reduction of T, or 
T,*, as Maxwell’s theory was altered and supplemented by Lorentz’ 
electron theory to more adequately explain dispersion phenomena and the 
results of experiments done in the field of the optics of moving bodies. 

- (2) The synthetic identities or reduction functions discussed above 
require empirical support. This is achieved in a number of ways in ex- 
perimental research, and it is difficult to generalise to a limited set of types 
of experiments. One needs experiments that show that the entities, 
independently characterisable in terms of the reduced and reducing 
theories, and which are to be identified, have the same or relatable relevant 
properties. For example, in the Maxwell theory case, Hertz showed that 
the electromagnetic waves predicted by Maxwell’s theory could be pro- 
duced and detected, and that they had the same properties as light waves— 
they could be reflected, refracted, and polarised. O. Weiner and others 
later did experiments that indicated that it was the electric vector which 
1 See Feyerabend (1965) for discussion and references of the relevance of Szilard’s work. 
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was responsible for optical effects (Schaffner, 1967c). In certain more 
sophisticated cases in which predicates or properties are different in the 
two theories, as in certain areas of genetics and chemistry, what counts as 
empirical support becomes more difficult to characterise. Usually simul- 
taneous and contiguous appearance of properties is taken as evidence of 
the referential identity of properties, and certain analogies, especially 
formal ones, are also relevent. The attribution of the property of valence 
to hydrogen atoms, and the property of unrestricted spins of the hydrogen 
atom, and their “identification” is such a case in point (Schaffner, 1967c). 
What the reducing theory says about the causal mechanism responsible 
for the properties in such cases is also relevant, as we shall see in the 
discussion of biochemical genetics below. 

(3) When these synthetic identities (reduction functions) are conjoined 
to the reducing theory, in our case Maxwell’s theory, it is possible to 
derive the laws of optics and to explain the results of various optical 
experiments. This is where Nagel’s (1961) condition of deducibility enters, 
and I think it can be supported against Feyerabend’s (1962) criticisms, 
if we allow theory modification as suggested above under (1). How the new 
theory explains old experiments in the reduced theory’s subject area, or 
“domain”, without necessarily going through the old theory’s postulates, 
and this does sometimes happen, I shall discuss in the next paragraph. 

(4) In the standard analysis of scientific theories, such as one finds in 
the writings of Nagel and Hempel, certain theoretical terms are connected 
with experimental ideas, or observational terms, by means of linkages 
called ‘correspondence rules’. I have tried to analyse this notion of corre- 
spondence rule in another paper,! and here will simply refer to those aspects 
of that analysis that are relevant to the issues of this paper. 

Correspondence rules in many instances turn out to be on closer 
analysis collapsed or telescoped causal sequences which connect the action 
of a theoretical entity or a theoretical process with the observationally 
accessible arena. Theoretical terms possess ‘‘antecedent theoretical mean- 
ing”, which is in an important sense, independent of the meaning ascrib- 
able by a conjunction of correspondence rules and the terms’ inter- 
connections as given in an uninterpreted postulate system. Another 
important aspect of this new analysis of correspondence rules is the crucial 
role which “borrowed” laws and theories play in warranting the causal 
sequences connecting the theoretical processes of the theory under primary 
consideration with “observable” phenomena. A modified Duhemian thesis 
1 This is in my paper ‘Correspondence Rules’, read to the First International Meeting 

of the Philosophy of Science Association, Pittsburgh, October 1968; forthcoming in 
Philosophy of Science. 
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Fig. r. (A) represents Sellars’ notion of the received view of reduction; (B) is Sellars’ 
own view of reduction. The solid vertical lines are theoretical-theoretical correspondence 
rules, the dashed lines are theoretical-empirical correspondence rules. 


falls out of such an analysis in a very natural way—the modifications 
essentially directed at the claims of the ability to maintain a specific 
theory in the face of any conflicting evidence.! 

In reduction, the causal sequences which are associated with the action 
of a light vector, for example, are paralleled by analogous causal sequences 
which are constructed for the electric vector, with these latter sequences 
often utilising aspects of the physical optics causal sequences, as well as 
1 It would be impossible in this paper to consider this modified Duhemian thesis in any 

detail. Suffice it to say that though the position taken here does admit the difficulty— 
and perhaps impossibility—of establishing relations between the actions of theoretical 
entities and the observable consequences without using other theories in tracing out the 
consequences, it does not agree with the position sometimes ascribed to Duhem (1962) 


and also defended by Quine (1961) that a specific hypothesis can be held, come what may, 
by suitably altering these other theories. 
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Fic. 2, The structure of two theories before a reduction. The small dark dots represent 
theoretical concepts and the short lines connecting them are logical connectives. T'he small 
circles represent aspects of borrowed theories; the “‘vertical” arrows are the causal effects 
of theoretical processes which in certain cases require two or more theories to account 
for them. 
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Fic. 3. After a reduction has been effected the two domains and the theories are related 
as shown above. The straight horizontal double lines represent two of the synthetic 
identities which connect theoretical concepts in the reduced and reducing theories. 
(In actuality, all primitive concepts of the reduced theory would have to be connected 
with concepts or combinations of concepts of the reducing theory.) The wavy line repre- 
sents the “analogous causal sequence” discussed in the text, and ‘M?’ represents the science 
of mechanics which must be appealed to in order to account for the motion of dis- 
persive particles in a medium. 
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the instruments which have been devised for the testing and application 
of physical optics. These “‘analogous causal sequences” are warranted 
by the two theories and the connections established by the reduction 
functions. There is no vicious circularity here, because such shifts in 
correspondence rules only occur after the synthetic identities have been 
supported by such considerations as were discussed under (2) above. 

Sellars has drawn attention to the role of correspondence rules in theory 
reduction and has proposed an interesting analogy which can be general- 
ised and extended with the help of some of the ideas proposed in the above 
discussion. Sellars wrote: 

To reduce chemical theory to physical theory is by no means to reduce chemis- 
try to physics. The replacement of the substantive correspondence rules which 
related the original theories by explicit definitions leaves relatively untouched 
the correspondence rules, both substantive and methodological which tied the 
two theories to their empirical domains. To use a picture, a situation in which 
two balloons (theories), one above the other, each tied to the ground at a different 
set of places (theoretical-empirical correspondence rules) and each vertically 
tied to the other by various ropes (theoretical-theoretical correspondence rules), 
has been replaced by a situation in which there is one taller balloon which, 
however, is tied to the ground by two sets of ropes one of which connects the 
lower part of the balloon to the places where the lower balloon was tied, while 
the other connects the higher part of the balloon to the places where the upper 
balloon was tied (1963), p. 76. 

Sellars does not give a picture of this analogy, but I think that the situation 
would look like what I have drawn in Fig. 1. 

According to the account of reduction functions and correspondence 
rules presented in this paper, a picture of the relations of physical optics 
and the electromagnetic theory before and after Maxwell’s reduction 
is proposed in Figs. 2 and 3.1 

There are two comments that can be made concerning the revisions 
of the Sellarsian diagram. One is that small globes representing aspects 
of borrowed theories which warrant the connections of the theory under 
consideration with observationally accessible effects are required. In 
the diagram in Fig. 2, these are represented by the smallest circles. 

Also required is a graphical means of representing the reduction 
functions, the shift of the correspondence rules, and the distinction 
between the primary and secondary senses of meaning. Fig. 3 shows 
a modified version of Fig. 2, in which the parallel horizontal lines represent 
1 The diagrams should not be taken as anything more than rough analogies. The com- 

plexity of actual science would undoubtedly require a multi-dimensional diagram to 
depict relations between all theories and observations with any real accuracy. I have 
left some of the small circles representing theories blank because I did not wish to give 


any suggestion of completeness in this scheme. I do believe, though, that the diagrams 
represent the process of theory reduction in a simplified but not misleading manner. 


Y 
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synthetic identities. Referential identity is not represented directly, but 
could be introduced by appropriate projection techniques that would map 
both senses onto a reference diagram that would be very similar to Fig. 1(B), 
with some revision required to introduce the appropriate smaller circles. 

Sellars’ diagram is correct, according to the position taken in this paper, 
if it is understood to depict either (1) the referential identity as cited in 
the above paragraph, or (2) the situation which eventually develops when 
the reduction functions become definitional. They are not definitional 
when reductions are in the process of early development. 

This long analysis of the logic of reduction in physics was undertaken 
to assist our understanding of what happens when genetics, and other 
biological sciences, are reduced to physics and chemistry. The utility of 
the reduction functions and the correspondence rule analysis will be 
examined in the biological context below. 


4 THE WATSON-CRICK MODEL AND GENETICS 


In the 19508 further research on DNA confirmed both the essentials of 
the Watson-Crick structure for DNA and the mechanism of replication 
which they had proposed.! X-ray diffraction studies by Wilkins and his 
associates in 1955 and 1956, using a lithium salt of DNA, confirmed the 
double helix model, if a slight rearrangement of the bases with respect to 
the axis was made (Wilkins, 1956). Work by Taylor, Woods, and Hughes 
(1957) on the semi-conservative replication of chromosomes in the root 
tips of Vicia faba supported the hypothesis of self duplication which 
Watson and Crick had advanced. Meselson and Stahl (1958) used DNA 
from E. coli that was tagged with a heavy isotope of nitrogen to examine 
DNA reduplication. Their conclusion was that “the results of the... 
experiment are in exact accord with the expectations of the Watson- 
Crick model for DNA duplication”. Experiments by Kornberg and his 
associates in the late 19508 on in vitro synthesis of DNA indicated from a 
nearest neighbour analysis that the DNA was replicating in accordance 
with the Watson-Crick predictions (Kornberg, 1960). In the early 19603 
Cairns (1963), using T2 phage and Æ. coli was able to obtain auto-radio- 
graphs of DNA in the act of replicating. The visible fork structure and 
the analysis of the density of grains in the emulsion supported the Watson- 
Crick theory of replication. 
1 Readers interested in more complete accounts of the historical topics discussed in this 
paper may refer to Carlson’s (1966), Whitehouse’s (1965) and Ravin’s (1965) works. A series 
of memoirs edited by Cairns, Stent, and Watson (1966) is important, as is Stent’s (1968) 


article. Taylor’s (1965) and Zubay’s (1968) anthologies are excellent collections of 
original papers in the fields discussed. 
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These experiments, taken together with Avery, MacLeod,and McCarty’s 
and the Hershey-Chase experiments, support the thesis that DNA is the 
genetic material. Numerous other experiments, for example in the area 
of chemically induced mutagenesis, also support this identification. Such 
experiments play the role of providing the empirical support for reduction 
functions involved in the reduction of biology, such as: 

gene, = DNA sequence. 

Now, if the gene is DNA, it should be possible to construct a relation — 
such as was discussed earlier for light waves and electromagnetic waves— 
that would appropriately identify specific types of genes with specific 
types of DNA sequences. One of the questions that biology faced in the 
late 1950s was whether genetics—a purely biological science using bio- 
logical methods of crossings and countings—could be so related to the 
chemical theory of DNA. The development of a “fine structure genetics” 
in the 1950s opened up the possibility of establishing identifications be- 
tween biology and chemistry. 

Pontecorvo’s, Demerec’s and Benzer’s work on the gene indicated that 
the precision or resolving power of genetics’ methods could be so in- 
creased as to make possible the determination of the internal structure 
of the gene.’ Benzer’s work on the T4 phage of E. coli led him to suggest 
that the classical definition of the gene was inadequate but could be revised. 
Heretofore the gene had been alternatively characterised as the smallest 
unit of mutation, the smallest unit of recombination, and as a unit of 
function—in the sense of being functionally responsible for the production 
of a unit character. Benzer’s (1957) studies on phage indicated that the 
unit of function (christened a ‘cistron’ by Benzer) was analysable into a 
number of sub-units of mutation (‘mutons’) and recombination (‘recons’). 
Fine structure mappings continued to show linearity, as earlier genetic 
maps had, and the one-dimensional linearity of both the Watson-Crick 
model and the fine structure genetic maps suggested an identity. 

In the light of the Watson-Crick model, Benzer considered the possi- 
bility of translating his “biological” genetics into chemical terms—at least 
with respect to the number of base pairs of DNA in the various genetic 
units. Though there were certain difficulties of relating distances on 
genetic maps to DNA structure, Benzer was able to conclude that his 
evidence indicated that the muton was no longer than 5 nucleotide pairs, 
the recon about two, and the cistron about several hundred such pairs. 
In a later popular presentation of his findings, Benzer (1962) wrote that 
“everything that we have learned about the genetic fine structure of T4 
phage is compatible with the Watson-Crick model of the DNA molecule.” 
1 See E. A. Carlson (1966), chapter 22, for a historical discussion of fine structure genetics. 
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5 PROTEIN SYNTHESIS AND THE GENETIC CODE 

Compatibility of the Watson-Crick model and genetics, and the possibility 
of an identification of genes with DNA sequences do not in themselves 
suffice to warrant a reduction of genetics to chemistry. In accordance 
with the account of the logic and methodology of reduction as outlined 
earlier, a reduction of genetics to chemistry would require an experiment- 
ally based set of identifications relating the basic vocabularies and 
principles of genetics and chemistry. This, when its meaning is analysed 
in the context of genetics and chemistry, would require (1) that specific 
genes be identified with specific purine and pyramidine sequences, (2) 
that the phenotype of the organism be identified with some chemical 
structure(s), and (3) that thechemical processes relating the DNA sequences 
to the chemically characterised phenotype be explicated. (3) is required 
in addition to (1) and (2) in order to satisfy a generalisation of Nagel’s 
“derivability condition” (Nagel, 1961, and Schaffner, 1967a). Even if such 
were possible, and in my analysis it isn’t, simple “definability” would not 
suffice here because an intricate mechanism of genetic translation of DNA 
to amino acid sequences is needed. 

Many of these requirements were in fact met (in outline form) in the 
late 1950s and early 1960s by biologists and chemists working under the 
general rubrics of protein synthesis, the genetic code, and the colinearity 
hypothesis. It will be impossible in these pages to do more than give the 
barest outline of these developments as they relate to the problem of the 
reduction of biology to chemistry. 

(i) Protein Synthests. Experiments by many researchers have established 
what has been referred to as the ‘central dogma’ of protein synthesis. 
Less a dogma than a fairly well confirmed hypothesis, it states with respect 
to protein synthesis, that the DNA transfers coding information to RNA 
(ribonucleic acid) which in turn translates it into amino acid chain or a 
protein via ribosomal action. The transfer is one-way and non-reciprocal. 
By the middle of the 1950s, it was experimentally known that RNA was 
involved in protein synthesis, but it was Crick who in 1957 first predicted 
on theoretical grounds that at least two different types of RNA must be 
involved in protein synthesis. Shortly thereafter, Hoagland, Zamecnik, 
and Stephenson (1957) discovered the second type of RNA which has 
come to be called transfer RNA or t-RNA, or in some literature, soluble 
or sRNA. Without going into the specific contributions of the various 
researchers, [ propose to give the outlines of the current account of protein 
synthesis which does seem to support the “central dogma”. 

One chain of the double helix directs the synthesis of a “complementary” 
messenger RNA, or m-RNA chain alongside itself. This m-RNA carries 
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the instructions for protein synthesis to the ribosomes which are located 
outside the cell’s nucleus in the cytoplasm. Here the shorter t-RNA 
molecules bring specific amino acids—the building blocks of proteins— 
to the ribosomes where a merger of the two types of RNA, with the assist- 
ance of still another type of RNA—{ribosomal RNA)—and a number of 
specialised enzymes, results in specific protein synthesis directed by 
m-RNA. This process is considerably more complex than I have indicated 
here, but it would carry us beyond the scope of the paper to discuss it in 
more detail. 

(ii) The Genetic Code. That there should be a specific sequence of 
nucleotides that would be the codon for a specific amino acid grew out 
of the Watson-Crick DNA model, though the motivation for finding 
such a code was influenced by Pauling’s (1949) work on the haemoglobin 
molecule which was later extended by Ingram (1956). Many types of 
codes were proposed in the 1950s and 1960s, with the ultimate acceptance 
of a degenerate or many-one codon-amino acid relation, in which reading 
is initiated and terminated by punctuation (other codons) along the 
sequence of nucleotides. Though there was a good deal of pessimism 
about the cracking of the genetic code in the late 19508, when it was thought 
that much arduous work on the effects of mutagenic agents on simple 
organisms such as T4 phage would be the key to the code, a breakthrough 
by Nirenberg and Matthaei (1961) has resulted in a complete determination 
of the codon-amino acid relations.1 Specific sequences of DNA are now 
known to be related to specific amino acid sequences, or proteins. 

(iti) The Colinearity Hypothesis. The colinearity of the genetic map, 
the DNA sequence, and the amino acid polypeptide sequence that the 
gene (=DNA) produces has been established by Kaiser (1962) and 
Yanofsky and his associates (1964). As a result of experiments on phage 
chromosomes Kaiser concluded that the “genetic map sequence and 
physical sequence of cistrons in the DNA molecule are equivalent ...”. 
In a later paper Yanofsky and his co-workers demonstrated that gene 
structure and protein structure were co-linear, that is, that the gene order 
read off a genetic map is associated in a one-to-one correspondence with 
a protein order constituted out of a polypeptide chain of amino acids. 
Yanofsky et al.’s conclusion was that “genetic recombination values are 
representative of distances between amino acid residues in corresponding 
proteins”. Such studies as Kaiser’s and Yanofsky et al.’s provide evidence 
for specific connections between genetics and chemistry, and dovetail 
very nicely with the accomplishments cited under (1) and (2) above. 


1'The translation of the DNA code involved the work of a number of investigators. 
Especially see Whitehouse’s account (1965) of the contributions of Ochoa’s laboratory. 
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As regards the relationship of the phenotypes of genetics and the lan- 
guage of chemistry, I refer to Crick’s (1958) statement that “the amino 
acid sequences of the proteins of an organism.... are the most delicate 
expression possible of the phenotype of an organism .. .”. Protein analyses 
have become useful tools in recent years for taxonomical classification, 
though there are serious questions whether such analyses are very useful 
in the evolutionary studies which are related to taxonomical considerations, 
as there are no fossil records of polypeptide chain sequence. 

Molecular geneticists are now working on the problems of cell differen- 
tiation and the development of multicellular systems. Jacob and Monod’s 
(1961) classic article suggested a ‘‘model” by which collections of genes 
could be activated and repressed, and with certain minor changes and 
complications, their model has given biologists good reasons to believe 
that developmental and cytodifferentiation problems will be solved at the 
molecular level. 

The conditions for a reduction of genetics to physics and chemistry 
are in the process of being fulfilled. There are, to be sure, many unsolved 
problems—but the context of such problems and the way they are thus 
stated indicates that they are soluble at the molecular level. We see in 
the movement towards such a reduction, moreover, evidence for the 
analysis of reduction that was presented in connection with Maxwell’s 
theory above. The use of synthetic identities—on both the entity and 
predicate levels—which move toward definitional status are being de- 
veloped. In addition to characterising ‘genes’ in chemical terms, predicates 
such as ‘dominant’ are explicated in chemical terms. The utilisation 
of the causal sequence analysis of correspondence rules seems implicit 
in molecular biologists’ use of the biochemical and biophysical techniques 
of autoradiography, paper chromatography, electrophoresis, and X-ray 
diffraction analysis, in effecting their reduction. A realistic analysis of 
theoretical entities, e.g. gene, which seems to be an important presupposi- 
tion of the analysis of reduction given in this paper, is clearly in evidence. 
Finally, though there is a continual shift and alteration in both reduced 
and reducing theories, reduction is not ruled out by such shifts, but rather 
seems aided. 

I think that the success of such a reduction as it has thus far proceeded 
in connection with one of the most central and well developed theories 


1] do not wish to mislead anyone on this issue of control genetics by implying that the 
problems are all that clear, much less the possible solutions. For recent discussions of 
cell differentiation and the role of histones in more elaborate control mechanisms 
than Jacob and Monod’s (1961) account, see Bonner’s (1965) book and also Zubay’s 
introduction, pp. 463-7, in his (1968). 
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‘of biology, i.e. genetics, indicates that we have good grounds for suspecting 
that the remainder of biology will also admit of a chemical reduction. 


6 REDUCTION IN BIOLOGY 

Though the reduction of biology to chemistry argues that biology is 
nothing more than chemistry, to make this assertion without further 
clarification might well lead us to overlook a most important feature of 
those chemical systems which are biological organisms—namely their 
organisation or structure. It is the systematisation of the chemical com- 
plexes which constitute living things which makes them so different from 
non-living entities. Attention to this systematisation leads to a distinction 
between two types of reduction. 

This distinction is based on the difference between two types of aggrega- 
tion of the parts which constitute an entity to be reduced. In the physical 
optics-electrodynamics example, a relatively simple and straightforward 
identification can be asserted to hold: there are not parts of wholes which 
themselves are independently characterisable. One entity, a light wave, 
is identified with one other entity, an electromagnetic wave—the electric 
and magnetic fields being interdetermined in Maxwell’s theory. 

As soon as there are independently characterisable parts, however, 
as there certainly are in biochemistry, permutations increase and often 
some type of order of the parts is specified in advance. For example, 
even in the explanation of the chemical notion of the covalent bond by 
physics, Heitler and London considered two atoms, not four elementary 
particles. Physics, however, is interested in any arrangement of these 
four particles, and can explain the behaviour of the particles under any 
arrangement of the parts, as well as the specific reasons why such arrange- 
ments have occurred. 

Biologists, however, like chemists, are interested only in certain arrange- 
ments of the parts. Loss of structure, change of arrangement, disruption 
of a system, often means the death of an organism. In biology, the structure 
of the chemical parts of the organism is extremely complex and of para- 
mount importance for the biological properties. In molecular genetics, 
moreover, the reasons for the arrangement of the chemical sequence of 
the DNA molecules cannot be given without referring to another living 
organism which has passed on its—and its ancestor’s—organisation. 

Recall that in their second paper Watson and Crick drew attention 
to the chemical irregularity that was permitted in the DNA base sequence: 
the laws of chemistry did not require any particular sequence of nucleo- 
tides. In a sense it is the chemically permissible irregularity that permits 
the biologically relevant coding. The coding, however, is nothing other 
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than chemical, and there is absolutely no reason to suppose that the coding 
sequence was not determined by physical and chemical conditions. The 
theory of evolution, numerous experiments on mutagenesis, and the 
experiments on spontaneous synthesis of the amino acids under primitive 
earth conditions, all suggest that the structure of living molecules is the 
result of the interaction of many impinging physical and chemical systems. 
Though it is clearly the task of evolutionary molecular biology to determine 
how self-replicating, mutable molecules arose on earth, it is almost certain 
that the specific historical facts will never be known—they are lost to time.! 

That structure or arrangement of the parts is important is not unique 
to biology. Given a collection of electronic components—say a capacitor, 
a resistor, a coil, and an e.m.f., many combinations of these components 
are possible—several of which will be quite different in electrical behaviour 
from other systems constructed out of the same components arranged in a 
different way. In order to explain such electronic systems, the arrange- 
ment of the parts must be taken as given. Similarly, in the case of a bio- 
logical system’s DNA, we must take the nucleotide sequence as given. 
In the case of protein synthesis theory, we must take a whole chemical 
factory as given and perhaps nothing less than the cell will really do, though 
to be sure protein synthesis can be accomplished in cell-free systems. 

Though the chemically specifiable co-operative interaction of enzymes, 
ribosomes, histones, etc., are essential, it is the nucleotide DNA sequence 
which is of paramount importance. Theprimary structureof the DNAcodes 
the primary structure of the proteins. Perutz (1962) has analysed the cases 
of the three-dimensional secondary and tertiary structures of proteins 
and has concluded that these are determined by the primary structure 
which we know is determined by the DNA base sequence. It seems quite 
likely that as yet unanalysed organisation will be accounted for in terms 
of control genes and other chemically characterisable mechanisms such 
as histone-DNA interaction. 

Biology studies highly organised historically evolved chemical systems. 
In contrast with the physical sciences it must take the structure of its 
organisms as given, though it hopes, by means of plausibility arguments 
connected with chemical evolutionary studies to give an account of how 
such highly organised systems came to be.* 3 


1See my ‘Chemical Systems and Chemical Evolution: The Philosophy of Molecular 
Biology’ (forthcoming in American Scientist; read to the Western Division of the 
American Philosophical Association, May 1969, Cleveland) for detailed comments 
on abiogenesis, pre-biological systems, and chemically characterisable natural selection. 
My general thesis concerning organisation and evolution was first proposed in my 
(1967b,c) papers. * Ibid. 

3 See Oparin (1962) and Jukes (1966) for rather different approaches to comparative 
evolutionary biochemistry. 
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Nowhere is there any evidence that there is something unique to these 
systems—something that would make biology an autonomous science 
that was irreducible to physics and chemistry. Nevertheless, because of 
the fact that biology is principally concerned with those arrangements of 
chemical parts that are living, and because this arrangement must be cited 
in addition to any listing of the chemical parts of a biological organism, 
reducing of biology to physics and chemistry possesses distinctive features 
not normally found in other reductions in the natural sciences. 

Two kinds of reduction can then be distinguished: (1) the simple 
aggregative in which the relationship of the parts (if there are parts) 
plays no role, and (2) what I will term the interactive, in which the relation- 
ship among the parts (the parts being fully characterisable in terms of the 
reducing science) is not rigidly dictated by considerations of the reducing 
science, but which we have good reason to believe is the physically and 
chemically explicable result of interactions over a long period of time with 
other physical and chemical conditions. If I were to try and wrap the point 
up in a maxim, I would say that it is not that the whole is greater than the 
sum of its parts—it is only that the type and conditions of summation 
have often been disregarded.! 


4 CONCLUSION 


The outcome of this account of the development of molecular genetics— 
which I have characterised as being both stimulated and unified by the 
Watson-Crick model of DNA—is to warrant as a working hypothesis a 
biological principle of reduction. This principle, it seems, holds not only 
for genetics, but also for other biological theories. The principle can be 
stated as follows: given an organism composed out of chemical con- 
stituents, the present behaviour of that organism is a function of the 


1] think these paragraphs express the crux of a divergence of opinion between other 
authors and myself over the role of organisation and ‘initial conditions’ in biological 
reduction. See my (1967b) and also the exchange of letters in Science 158: 857-62 (1967). 
Michael Polanyi has noted the role of what he terms ‘boundary conditions’ and ‘structure’ 
in the reduction of biology in his (1967) and (1968). My paper referred to on p. 342, n. I 
constitutes an indirect answer to some of his contentions, but it might be well to note 
here that it seems to me that Polanyi commits two basic errors in his analyses: (1) he 
assumes that the ‘initial conditions’, to use my phraseology, describing the organisation 
require an explanation if the explanation in which they figure is to be legitimate, 
and (2) he seems to think that the employment of such initial conditions to catch 
the ‘order’ present in either a machine or a biological organism is evidence of some sort 
of emergence. The latter thesis only follows if there are good reasons to believe that these 
initial conditions are the outcome of conditions that are not themselves characterisable 
in the language of physics and chemistry and explainable by physics and chemistry. 
Not only is this something which he has not shown, but contemporary biological research 
is attempting to show in a rough way that such order as is present can be accounted for via 
chemically characterisable evolution. See p. 342, n. 2 above for references to this research. 
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constituents as they are characterisable in isolation plus the topological 
causal inter-structure of the chemical constituents. (The environment must 
of course, in certain conditions, be specified.) The term ‘topological 
causal interstructure’ is a phrase introduced to designate both the spatial 
arrangements—as chemically relevant as in enzymes’ action, or physically 
relevant, as in the lever effect of bones—as well as the causal signal in- 
fluences by which one molecule or group of molecules can influence 
another as in a hormonal enzyme system. The phrase is left deliberately 
vague to allow for further types of physico-chemical connections to be 
specified. In the case of the reduction of genetics to physics and chemistry, 
the primary structure of the DNA sequence and the amino acid sequences 
have been for good reason heavily emphasised. But in many cases of 
reduction it will not be necessary to go back to such a “linear” sequence, 
and in these cases the higher order structuring or systematisation may 
be taken as given, to function as initial conditions, describable in physical 
and chemical languages in the physico-chemical explanation of a biological 
system. 

Now such a general principle of reduction, though it asserts that, 
ultimately, biological organisms are nothing but chemical systems, does 
not entail the consequence that living organisms can only be fruitfully 
studied as chemical systems. Just as thermodynamics can macroscopically 
study systems which are microscopically characterisable by statistical 
mechanics, so can anatomy, neurology, genetics, and so on, study the 
living organism in each discipline’s own terms (Schaffner, 1969). Should 
such macroscopic study entail results that seriously conflict with molecular 
theories, a reassessment on both levels may be required. The Jesson 
drawn. from fine structure genetics and the DNA model, however, should 
lead us to suspect that one will find agreement rather than conflict in such 
confrontations. 


University of Chicago 
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Discussions 


POPPER’S REVISED DEFINITION OF NATURAL 
NECESSITY 


I INTRODUCTION 

Following criticisms (Nerlich and Suchting (1967), Kneale (1961)) of the well- 
known account of “natural or physical necessity” in his Logic of Scientific Dis- 
covery (esp. pp. 426 ff.) Professor Popper has recently presented a revised treat- 
ment (Popper (1968c)).1 Sections 2 and 3 of the following contain an outline of 
this and sections 4-6 some critical observations on it. 


2 AIM OF POPPER’S ACCOUNT 


Each of Popper’s accounts of natural necessity appears as (1) a definition, which 
(2) draws a distinction between the lawful and the non-lawful within the class 
of true universal statements of matters of fact. In the paper which is the subject 
of this note, and to some extent in the Logic, Popper makes a three-fold division 
.of statements into the logically necessary, the physically or naturally necessary 
and the contingent. But it is pretty apparent from what is said, in the Logic at 
least (e.g. pp. 429, 432, 438), that in the final analysis the only necessity is held 
to be logical necessity. The intent is to produce an essentially Humean account 
of law, the category of physically or naturally necessary statements being used to 
contrast laws with other statements that are contingent in a narrower sense. 

In his most recent published writing on the subject (an addendum to the 
1968 edition of the Logic, p. 441) Popper has cautioned against laying too much 
emphasis on his calling his account a definition, in view of his general doctrine 
of the unimportance of definitions (Popper (1962), pp. 9-21, and (1968b), pp. 28, 
277-9). Popper’s point here seems to be that while there is no point in trying to 
seize the “essence” or “nature” of something in a definition, there may be a point 
in trying to replace undefined terms used intuitively by defined terms which 
“fulfil the intentions with which the undefined terms have been used” (Popper 
(1962), p. 290, n. 39. Cf. also Popper (1968c), Section ITI, end of first paragraph). 

In the addendum just referred to Popper also denies that it has been his 
intention to try to establish “that a modal term can be defined with the help of 


1 Popper’s account here is constructed in the light of one of three objections presented in 
Nerlich and Suchting (1967). I do not intend to take up the two other issues raised in the 
discussion, viz. (1) whether the earlier charge of circularity against Popper’s definition 
is stronger than his own admission in Popper (1968a), p. 435, and (2) whether the 
characterisation of William Kneale’s position in Nerlich and Suchting (1967) is just. I 
consider that the position taken in the latter with regard to these issues is defensible, 
but also that the questions are of little general interest. (I am indebted to G. C. Nerlich 
for pointing out several inadequacies in an earlier version of the present note, and in 
particular, for indicating how to improve 4. But he does not necessarily agree with the 


arguments.) 
* I am indebted to a letter of Professor Popper’s for these references. 
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non-modal terms”. This appears to be plainly inconsistent with what he says in 
some places (e.g. Popper (1968c), lines 16 and 25). At least the intent would seem 
to be to show, as pointed out above, that law-statements and naturally necessary 
statements in general can be adequately characterised without considering them 
as anything but contingent as opposed to necessary (contra Kneale, for example). 


3 OUTLINE OF THE DEFINITION 


3.x The general strategy of Popper’s account (as of the earlier one) is based on 
the sort of distinction between universals which are true generally and those 
which are true by virtue of what is the case locally that was made at least as 
far back as Comte ((1830), esp. pp. 57 f) and Mill ((1872), Bk. III, Chs. XII- 
XVI) and which has been used by many subsequent philosophers (e.g. Reichen- 
bach (1954)). One of its many merits is its combination of generality, precision 
and brevity. It is necessary for present purposes to simplify and abbreviate it 
further, but it is hoped that nothing omitted bears on subsequent criticism. 


3.2 Let G be the set of all (true and false) statements which are general by virtue 
of their logical form. This means that though the bound variables may range 
over what are in fact finite regions, there must not occur (essentially) “anything 
that may specify an individual part or region of some world”.? Let H be the set 
of all logically possible singular statements, and K a subset of H, asserting that 
“certain conditions... are realized in certain finite parts of the world .. . and 
in no other part” è 

U is the set of all statements entailed by “the set of all true general statements 
not belonging to H”’,* F the largest set of (true) singular conditionals obtainable 
within U by instantiation (with members of H) ‚I “the set of the antecedents of F 
belonging to H”.5 J comprises initial conditions “in the narrower sense”, the 
union of J and K initial conditions “in the wider sense”, and Vis the set of 
logical consequences of true initial conditions in the wider sense. 

Suppose that A is the axiom-set for U, and M the axiom-set for the set of all 
and only naturally (or physically) necessary statements. Then a belongs to M 
if and only if it is a member of A, and is not a logical consequence of the union 
of A-a and V. 


3.3 It may be well to try to illustrate this definition. Consider the following: 
(1) All moas die before the age of 50:° (x)(Mx=> Dx) 


1 A trifling addition to avoid a Goodman-type move (Goodman (1955), p. 78). 

* This and other ‘quotations in the following are from Popper (1968c), pp. 319 f, with 
Popper’s emphasis throughout. 

3 In reading Popper’s definitions at this point it is important to note something which he 
does not specially remark on here, viz. that for him singular statements are not, as is 
more customary, ones containing no variables—cf. e.g. Pap (1962), p. 245 or Hempel 
(1965), p. 271—but rather, to cite the Logic, ones which “relate only to certain finite 
regions of space and time”( p. 63). Thus, for him, “There is an F in finite space-time 
region k’ and “There is no F in finite region K’, i.e. ‘For all x, if x is F, x does not occur 
in k’, are both species of singular statement (p. 102). 

*1 do not understand the force of ‘not belonging to H’ in the light of the fact that in the 
previous paragraph but one of Popper’s text it is clearly stated that G and H are disjoint 
sets. 

® I am also puzzled by the force of the last phrase: what antecedents of ¥ could fail to 
belong to H, when the latter is the class of all logically possible singular statements? 

€ The reference of course is to one of Popper’s stock examples. See (1968a), p. 427. 
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(2) All organisms in conditions C die before the age of 50: (x)(Cx> Dx) 

(3) All things in conditions F are in conditions C: (*)(Fx> Cx) 

(4) All moas are in New Zealand: (x)(Mx> Nx). 

Suppose that (1)-(3) satisfy the conditions for being members of some A. 
Suppose also that a, b,..., n designate all and only the individuals occurring in 
the space-time region of New Zealand, i.e. 


(5) (QNxz = x=(a VbV... Vn) 
Suppose that it is (non-vacuously) true (from (3)) that 
(6) Fa > Ca, Fb > Cb, ..., Fn > Cn 


These are members of F, and their J-antecedents, in conjunction with (3), entail 
(7) Ca, Cb,..., Cn. 

(5) and (7) entail 

(8) (x)(Nx > Cx). 

This, in conjunction with (4), a member of K, and (2), a member of A, entails 
(1). Therefore (1) is not naturally necessary. 


4 IS THE DEFINITION NECESSARY? 


4.1 If properties are instantiated only by individuals, and there are only finitely 
many individuals, then, in a world which is spatio-temporally infinite, or finite 
but such that not every point is occupied by an individual, there can be no 
naturally necessary statements on Popper’s account. For in such a world all 
properties are instantiated in only finite parts of the world, and hence are 
deducible from K-statements. If it is spatio-temporal regions that instantiate 
properties, then in a world that is spatio-temporally finite, and hence divisible 
into only finitely many distinct, non-overlapping finite parts, the only naturally 
necessary statements would be ones the predicates of which are instantiated in 
every such finite part. For this would be the only condition under which, though 
instantiated in a finite region, they would not be instantiated only in finite parts. 
These seem counter-intuitive consequences. 


4.2 Consider two universal empirical predicates F and G. Suppose that each is 
as a matter of fact instantiated by only a finite part of a non-finite world, and is 
such that the class of individuals instantiating one is included in the class of 
individuals instantiating the other: 


(1) (x)[Fx >x=(a VbV... V a]. 
(2) (x) [Gx > x=(a VbV... V n+m)\] 
These are K-statements and entail 


(3) (x)(Fx > Ga) 
which therefore cannot be naturally necessary according to the definition. But 
intuition suggests that there could be naturally necessary statements of this sort. 
For example, suppose that mental state terms and brain state terms are universal, 
that mental states and brain states are not identical (contingently or otherwise), 
that an F-type mental state occurs only if a G-type brain state occurs, and that 
though a very large number of human beings exist omniteraporally, they are 
confined to a finite space-time region. Then it seems plausible to say that (1) 
on this interpretation could be a law. In general, it is counter-intuitive to make 
the lawlikeness of a universal depend on the number and distribution of instances. 


352 T: W. Settle 


5 IS THE DEFINITION SUFFICIENT? 

Consider again two universal empirical predicates F and G. Suppose that there 
is (omnitemporally) only one F, but that F is G. Suppose also that the instanti- 
ations of G are not restricted to finite portions of the world. Then (x)(Fx > Gx) 
is true, and a member of U. Suppose it belongs to an A for that U. It is not 
deducible from any V-statement taken alone. Suppose also that it is not deducible 
either from any V-statement in conjunction with some other members of 4. 
Then it follows that the G-ness of the F cannot but be naturally necessary. But 
intuition suggests that it is at least possible that the G-ness of that F should be 
quite accidental. (Suppose that there had been but one moa, that it had died 
before the age of 50, that the latter predicate was instantiated in an unrestricted 
way, and that there were no moa-hostile viruses or such like to explain the event.) 


6 CONCLUSION 

The definition under discussion is, essentially, an attempt at an ‘explication’ of 
an ordinary notion (see 2 above). It is generally agreed that an explication need 
not (and generally does not) have an extension that coincides exactly with that 
of the term being explicated. But it is suggested that the considerations presented 
in 4 and § point to deviations which cannot be dismissed in this way. 


W. A. SUCHTING 
University of Sydney 
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THE POINT OF POSITIVE EVIDENCE—REPLY TO PROFESSOR 
FEYERABEND 


1 PROFESSOR FEYERABEND (1968) has recently urged us to terminate discussion of 
non-negative instances of general hypotheses. He argues that if we are to use, 
in our discussion of scientific method, “only those instances which enable us 
to make judgments either about the truth value, or at least about the probability 
of the corresponding hypothesis” (p. 252) then it suffices us to consider only 
negative instances. In this note I contend that whereas Feyerabend may be 
quite right with regard to the methods of normal science, he is not right with 
regard to the methods of the normal scientist, who must employ a considerable 
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amount of technology in order to get his science done. I contend Feyerabend 
is not correct to claim that two well known paradoxes of confirmation—Hempel’s 
(1945) and Goodman’s (1955}—are “no problems at all” (p. 251). Even if they 
do not pose problems for a philosopher of (strictly) science, they still pose pro- 
blems for a philosopher of technology or a philosopher interested in problems of 
rational belief or rational action. 

In my view, Feyerabend is right in his discussion of scientific method, but 
not in his discussion of induction. Contrary to most writers in the philosophy 
of science I do not think that knowledge grows in science by induction. But 
contrary to the usual opponents of inductivism I do not think that induction can 
be dismissed, simply because it lacks this role in science. It is not my purpose 
here to defend this rather general view, nor do I even need to assume it. I wish 
rather to show that Feyerabend’s assumptions about the irrelevance of positive 
confirmation to the growth of knowledge in science do not entail the unproblematic 
character of the paradoxes of confirmation. 


2 MORE usvat objections to Feyerabend’s stress on negative instances would be 
those raised by, for example, Duhem (1906) and Ayer (1936). Duhem’s classic 
objection to the falsificationist position—that the (observed) falsification of a 
prediction does not pick out which of the hypotheses assumed in the derivation 
of the prediction is to be taken as refuted—does not imply, as Duhem mistakenly 
supposed it did, that none of the hypotheses is refuted. Rather it implies that 
there is no guarantee of our being right when we guess which one to take as 
refuted. Provided that we keep open to criticism and possible revision, not only 
our conjectured hypotheses but also our decisions as to which hypotheses to 
take as refuted, Duhem’s objection is well taken not only in theory (see Popper, 
1959, pp. 76-7) but also in practice; for example, the survival of Prout’s hypo- 
thesis (discussed in Agassi, 1966a), and the revival of the corpuscular theory of 
light to explain the photo-electric effect (Einstein, 1905, 1906). 

Ayer’s objection—that refuting a theory is impossible without verifying at 
least a set of observation reports or basic statements—does not imply, as Ayer 
mistakenly supposed it did, the failure of Popper’s philosophy of science, although 
it does demolish a dogmatic falsificationism which Ayer invented and for which 
Popper’s philosophy of science is still frequently mistaken (see Deutscher, 
1968; compare Settle, 1969c). Rather Ayer’s objection implies that we have no 
guarantee of being right when we take as refuted an hypothesis contradicted 
by basic statements which we guess are true. Feyerabend’s position, although 
consistent with, neither presupposes nor entails, Ayer’s version of falsificationism 
and so is untouched by Ayer’s objection. 


3 FEYERABEND’S ARGUMENT that, because negative instances suffice for growth of 
knowledge in science, paradoxes of confirmation do not reflect genuine problems 
of induction, perpetuates the confusion of induction with scientific method he 
shares with his opponents. This confusion may perhaps arise from a different 
and widespread confusion of science with technology (Agassi, 1966b) or from 
simply ignoring technology as an intellectual pursuit. Anyway, the role 
which confirmation plays in technology is ignored by Feyerabend, and 
mistaken by inductivists for an alleged role, which it does not in fact play, in 


Zz 


354 T. W. Settle 


science, Inductivists need no persuasion that confirmation is indispensable in 
such more or less intellectual human pursuits as technology, banking, child- 
rearing, jurisprudence, insurance, politics, and industry. One might perhaps 
infer from this that the pursuit of knowledge in science was a paradigm of the 
inductive method, But this inference would be from true premises to a false 
conclusion. Confirmation is not required in science, where science is regarded 
as the pursuit of ever improving, more or less systematic, explanations of ex- 
perience. We need not, however, go so far afield as child-rearing or theory of 
management to find a negative instance to Feyerabend’s general hypothesis 
that only negative instances count: the case of a scientist deciding to implement 
safely a test designed to find negative instances of an hypothesis provides us 
with one. 


4 TAKE ANY new test using new apparatus or old apparatus arranged in a new way. 
Not only does the scientist want to ensure that a negative result from the test 
would reflect the falsity of one of the hypotheses used in the design of the test, 
rather than one of the additional hypotheses used in the design of the apparatus, 
healso wants to avoid having the apparatus blowup in his face. Such a desire is 
readily understandable if the experimental set-up makes use of explosive materials. 
But the logical problem of induction remains even after it has been said that the 
sort of materials being used are not normally explosive. Why is it rational to 
treat normally safe apparatus as safe this time? 

What sort of evidence would be needed to render the decision to act as though 
the apparatus were safe a rational decision? Obviously negative evidence would 
be useless: waiting for negative evidence, which when it came would lead to 
the abandonment of the experiment, would itself frustrate the implementation 
of the test. The demand for positive evidence is the only technique by which 
the prudent can protect themselves (and others) from disaster at the same time 
as they ensure the progress of science. Science, without the positive evidence 
demanded by the prudent before implementing any test, would be left entirely 
to the imprudent and the foolhardy. Even if excessive demand for positive 
evidence is a weapon by which the complacent or cowardly may frustrate the 
urge of the adventurous to discover, that does not make it reasonable to refuse 
all scientists the use of safety precautions that have not yet been needed. 


5 THE INDUCTIVISTS against whom Feyerabend argues make the mistake of sup- 
posing that, just as the safe implementation of a test in a research laboratory waits 
upon positive evidence, and much asa discovery in applied science (say, a new drug) 
waits upon positive evidence before release to the public, a new hypothesis in 
science waits upon positive evidence before being thought well of or accepted, or 
made use of in explanation or theoretical exploration. Feyerabend makes the 
complementary mistake of supposing that because confirmation and even (Pop- 
perian) corroboration are irrelevant to the state of knowledge and to the status of 
any particular hypothesis in science, it must be unimportant and the paradoxes 
of confirmation must not be genuine problems of induction. I have suggested 
that the paradoxes of confirmation remain of importance in human pursuits 
closely akin to science and even indispensable to the implementation of tests in 
science. I rather suspect, as does Goodman (1955), that the solution of the old 
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and new riddles of induction will not be of a purely syntactical kind. Solutions 

to the problems of induction are likely to be provided by institutional, even legal, 

standards of what is to be counted as sufficient positive evidence to prove the 

responsibility of the man undertaking some specific course of action. (Settle, 
1969b; Agassi, 1967) 

T. W. SETTLE 

University of Guelph 
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UNIVERSAL, BASIC AND INSTANTIAL STATEMENTS IN THE LOGIC 
OF SCIENTIFIC DISCOVERY 


PROFESSOR POPPER (1959) establishes several sets of criteria to ensure that certain 
logical relations hold between statements of law and statements of “‘observation’’. 
In so doing, he is forced to restrict law statements to those in conditional form, 
and this excludes, on grounds other than falsity, certain ambitious universals 
which, if suitably corroborated, we would surely want to call ‘laws’. 

The criteria laid down by Popper are as follows: 


Dı: It is methodologically fruitful to have the laws of science conform to the 
form of strict universality; i.e. assertions about an unlimited number of 
individuals (p. 63). 

Da: Basic or singular existential statements must conform to the following: 

(i) No basic statements can be deduced from a universal statement without 
initial conditions. 


356 S. Godlovitch 


(ii) A basic statement must have a logical form such that its negation 
cannot be a basic statement (p. 101). 
D3: Instantial statements are of the form of negated basic statements and vice 
versa (p. 101 n.) 
D4: A basic statement is a singular statement of particular fact whose formal 
requirements are satisfied by all singular existential statements (pp. 43, 
78, 102). 

When we apply these criteria to statements of the form ‘(x)(Fx > Gx)’, that 

is, universal conditionals, and instantiate with respect to any constant ‘a’, 
we derive an instantial statement ‘Fa > Ga’ which is in turn the negation of the 
basic statement ‘Fa & ~ Ga’ It is clear that Dr through D4 are satisfied in this 
case. 
There is, however, a type of statement that satisfies D1 while failing to satisfy 
the other conditions. These are statements of the form ‘(x)(Fx)’, which have been 
used in the context of Pre-Socratic theory; e.g. Thales’ physical doctrine 
‘Everything is water’. Instantiating this with respect to any constant ‘a’ we 
derive the instantial statement ‘Fa’. Negating the instantial statement, we arrive 
at the basic statement ‘~ Fa’. Thus: 


(1) We have deduced a basic statement from a strictly universal statement with- 
out an appeal to initial conditions. That is, the statement derived by instantiating 
‘(x)(Fx)’ with respect to ‘a’ satisfies D4. Hence, the conditions rendered in D2 
and D4 yield incompatible results. 

(2) We have produced a basic statement whose negation is also a basic statement. 
That is, the negation of ‘~ Fa’ is basic in terms of D4. The conditions rendered 
in D3 and D4 lead to incompatible results. 

(3) Lastly, a statement that is instantial by definition can fulfil all the formal 
requirements of a basic statement and hence can have a role as a potential 
falsifier of some scientific hypothesis. 


If such a counterinstance is not to be damaging to Popper’s general system, 
an additional criterion must be added to D1, that universal scientific statements 
be restricted to the form of conditionals; and this is not self-evidently reasonable. 
It may be that there are no true categorical universals of law, but this would be 
a matter of fact. 

S$. GODLOVITCH 
New College Oxford 
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HUMPHREYS, Willard C. (1968) Anomalies and Scientific Theories. New York: 
Freeman, Cooper and Co. $5.00. Pp. 318. 


This book consists of four loosely connected parts. The first part, which occupies 
roughly half of the book, is a sustained attack on the H-D account of explanation 
(as represented by Hempel) and on the H-D account of the structure of theories 
(as represented by Braithwaite). The author seeks to correct the errors of the 
H-D account by focusing on the role played by “natural anomalies” in science 
and on the “approximative” character of natural laws. The second part of the book 
is concerned with the interpretation of probability and with the nature of 
statistical laws. The author’s main points here are two: that a relative frequency 
view is correct for science but should be supplemented by the recognition that 
assignments of probabilities are often backed by theory, and that nothing like 
confirmation theory can provide a sensible account of scientific development. 
Part three is a short critique of David Bohm’s 1952 hidden variable proposals for 
quantum theory. The fourth and last part of the book is a fairly detailed account 
of the developments in particle physics that culminated in the “discovery” 
of the pi- and mu-mesons. This story is intended to illustrate some of the sugges- 
tions of the preceding parts. It should be apparent that the themes of this book 
are Hansonian in character. Within the “new philosophy of science”, the present 
author is in the right-wing of the party of the left: he is a reformist but not a 
radical. 

The central concept of the book is that of a “natural anomaly”. Consider a 
state of affairs Y described by a sentence S. Let K be a set of statements that 
are at present putatively true. (Hence K is consistent.) Then / is a natural 
anomaly just in case S is inconsistent with K. What counts as a natural anomaly 
is thus relative to what goes into K. For most applications the author wants K 
to represent the present state of knowledge with respect to some scientific 
context. He believes that so restricted the notion of “the present state of know- 
ledge” has a “‘clear and precise meaning ... in terms of available empirical data, 
along with universally accepted experimental results and generalizations” 
(p. 94). This belief, however, does not mesh with the author’s view that one of the 
most fundamental roles of a scientific theory is to identify anomalies. It would 
seem that if the contents of the framework K are clearly specified then the 
identification of an anomaly would be the task for a logician (“See whether 
this descriptive statement S is consistent with K.”) not a scientist. To the con- 
trary, what the author’s own examples and his story of the meson theory illustrate 
is that the scientific task is precisely to determine what goes into K: what are 
the data, what is to be learned from this experiment, what theory to adopt. 
I do not see how the author’s concept of an anomaly helps us understand how the 
scientist raises and answers such questions. 

As one might expect, given the prominence of anomalies, the author falls 
back on a surprise theory when he treats explanations. Specifically, he contends 
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that one can only rationally request an explanation for states of affairs that 
“require” explanation, and those are just the anomalies. Thus the author adds 
to the Hempelian requirements for explanation the requirement that the ex- 
planandum must describe a natural anomaly. This addition, however, leads to 
curious results. For if state of affairs expressed by sentence S is anomalous with 
respect to background K, then an explanation of ¥ is just a deduction of S 
from an appropriate framework K’. But then ¥ is not anomalous with respect 
to K’. It follows that whenever we are in a position actually to carry out an 
explanation (we’ve found K’) there is nothing that requires explanation! Con- 
sider the case of the simple pendulum. The author challenges the H-D con- 
strual of explanation to account for the asymmetry between using the law relating 
period and length to explain to the period, given the length, and using that law 
to “explain” the length, given the period. The scare quotes indicate that it is the 
former we are supposed to be able to do; the latter would be appropriate only 
under very unusual circumstances. But if we include in our present state of 
knowledge the law of the simple pendulum and a statement of its length, then 
the situation concerning the pendulum’s period is not anomalous. Thus the 
asymmetry is done away with here because on both sides there is nothing to 
explain (i.e. nothing for which it would be rational to ask for explanation). 

Clearly we have been led astray, and, I think, because of the following. 
What happens in the cases the author wants to consider (and these are by no 
means all the ones he might pay attention to) is that the actual observed situation 
SF deviates from the situation Y’ that could be predicted on the basis of the 
theory or framework K (Uranus is not found at the Newtonian locations.) This 
deviation of £' from & is an anomaly (unexpected, a surprise). This directs 
our attention to S; it emerges as significant. In no sense, however, is / an 
anomaly. In order to have a satisfactory theoretical picture, however, Y (and 
not the deviation that is the anomaly) requires explanation. The ‘requires’ here 
is prudential. So we search for a new theory K’ that does the job. On the basis of 
K’ we can and do explain many phenomena, none of which are connected with 
anomalies and none of which require, in the above sense, explanation. 

The preceding critique is intended to question the cogency of the author’s 
concept of an anomaly and the use to which he puts this concept. If there were 
space, I should like to cast similar doubts on the notions of ‘approximation’, 
‘scope’ and ‘extension’ that the author employs when he treats scientific laws. 
In the short space left, however, I would rather offer some remarks on philoso- 
phical method. The book begins and ends with the discussion in some detail 
of interesting historical cases and the author appeals to actual scientific practice 
as a test for philosophical conclusions, ridiculing those who might have reser- 
vations on this score. (He asks, in effect, why they don’t change the name of 
their discipline from ‘Philosophy of Science’. Compare: why don’t you leave 
the country if you’re so discontented with things here.) The author’s own historical 
acumen, however, is scarcely impeccable. (For example, he ignores an important 
debate among the historians of science concerning Newton’s idea of inertial 
motion, blandly misrepresenting Newton on this topic (p. 91), and he grossly 
mis-states both the content and the significance of von Neumann’s “proof” 
concerning hidden variables (pp. 221 ff.)) What counts as “actual practice” 
for the author seems rather tailor-made to his needs. Thus he denigrates Newton 
on Absolute Space because to take Newton seriously would, on the basis of the 
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author’s own philosophical conclusions, lead one to reject Newton’s mechanics 
as unfalsifiable. He downgrades Mach’s work in mechanics on the same grounds 
and invokes these grounds again in criticism of Bohm. Clearly we have, all of 
us who engage in philosophy of science, to determine what counts as good 
scientific practice. But surely philosophical attitudes are relevant here. Since 
that is the case why make a pretense to “pure objectivity”? We all ride a horse 
whose head is descriptive and whose tail is normative. We sit the middle section. 
If we don’t know what this part is, exactly, let us at least recognise that it is 
neither head nor tail. 
ARTHUR FINE 
Cornell University 


Kysorc, Henry E., Jr. (1968) Philosophy of Science: A Formal Approach. 
London: Collier-Macmillan. 75s. Pp. xii+332. 


This book is intended for use by students both of the sciences and of philo- 
sophy. Its plan, according to the author, “hinges on the belief that the most 
important concept for the philosophy of science is that of a formal system”. 
Much of the book is concerned generally with the formulation of theories within 
the lower functional calculus and considerable space is devoted to the problem 
of interpreting the formalisms empirically; while each of the last chapters (with 
the exception of the very last) provides a transcription of some extant system 
of science into this ideography. The book’s middle section is the meat of the 
sandwich: it contains a doctrine of the nature and methods of science itself; 
and it is this section that should properly vindicate the author’s claim quoted 
above by making apparent to the reader just how criticism of scientific theories, 
relative to the canons indicated, demands or is at least facilitated by the formal- 
isation of those theories. The fact that this is not done (even remotely) then 
gives the lie to the central thesis of the book. 

Chapters 6 and 7 (the middle section) witness an attempt by the author to 
establish an inductive logic at first sight reminiscent of that of Carnap: “rational 
corpora” of statements are to be constructed, entry to which is to be determined 
by the probability ascribed to any given statement. Indeed, the author cites 
Carnap as sharing his belief that assignments of probabilities must be to state- 
ments (not events) and must be logically true or false. Intimations that this will 
provide the reason for the earlier emphasis on formalisation, as in Carnap 
(whose measure-functions certainly presuppose a formal system) are, however, 
confounded. The reviewer warns that the discussion of probability in this book 
is involved without being precise; indeed, it is so imprecise that the author’s 
intentions must inevitably be more a matter of interpretation than they should 
be in what is ostensibly a textbook. What is reasonably certain is that Kyburg’s 
characterisation of probability represents an attempt to measure the justification 
of a prediction that a given event will occur, according to contemporary know- 
ledge of the ordinarily-so-called statistical probability (here termed ‘proportion’) 
of that event (relative to some population). More specifically—or rather, to be as 
specific as the text permits—a correct assignment of a probability-interval to a 
statement ‘aeB’ appears to entail (p. 136) the fact that a is a “random” member 
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of the population A with respect to being B, and the fact that there is “good reason” 
to believe that the frequency of occurrences of the event B relative to the popu- 
lation A lies in that same interval. The “good reason” is either that the relative 
frequency of B observed in a “large” random sample from A lies in that interval, 
or that there are general, theoretical grounds for this belief. So if the author 
is correct, logically true assertions involving probabilities have factual conse- 
quences and truth-values which change with changing knowledge. And formal- 
isation seems neither here nor there. 

To the objection that the author’s intention is that logical truth and falsity 
are to be predicated of statements of relative probability P(a,b), where a and b 
are statements in some formal system, a being some prediction that a certain 
event will occur and b giving the statistical probability of that event, and that the 
probability estimates actually made are simply elliptical, being contractions 
of ‘there is good reason to believe the statement b and P(a,b) = r’, the 
reply of this reviewer is that this is mot stated in the book. (As a matter 
of technical interest, while avoiding the arbitrariness of an initial dis- 
tribution of probabilities to state-descriptions or what-have-you, which 
is a feature of systems akin to those of Carnap, this theory of logical 
probability is vulnerable to Miller’s paradox of information.! Also, a formal 
system is not a necessary prerequisite of it.) Further at several points the text 
appears to contradict this interpretation (otherwise, what is one to make of 
remarks such as that on p. 146, which amount to the requirement that to state- 
ments whose truth-values have been ascertained by observation are assigned 
the probabilities 1 or o, according as they are true or false?). The reviewer 
concedes that the discussion is thickly hedged with qualifications, and 
that there is little that is not equivocal; what is clear though, is that far from 
providing the reason for the emphasis on formal systems, the theory of probability 
as expounded in this book is merely a source of confusion (at least for the reader) 
if not of paradox. 

None of the arguments adduced at the beginning of this book to demonstrate 
that the philosopher of science must deal in formalised theories holds water. 
On page 41 the virtues of formalised theories are paraded in a manner reminiscent 
of Hilbert; yet it is at the same time explicitly conceded that few if any of these are 
really of any consequence for the philosopher of science. On page 117 appears 
the remark: ‘. . . we construct the formal system because we want some way of 
characterizing the infinite number of statements that constitute the... . content of 
the theory.’ This is a compelling argument for axiomatising a theory; but that 
is all. A curious complacency is apparent in the author’s attitude to formal 
systems, exemplified in his belief that formalisation is the key to a “‘very easy” 
(p. 41) solution of (possibly) previously intractable independence problems. 
There is no mention of the recursive undecidability endemic in the systems 
that would formalise any of the quantitative sciences. Finally, the author seems 
to believe that formalisation is of use in the characterisation of complex theoretical 
notions, via “meaning postulates”. Incidentally, so far as the latter represent an 
attempt to articulate some preformal theory into a testable form, they are not 
analytic for they do not function as synonymies; if, on the other hand, they are 
to represent all anybody is to understand by the terms of some theory, then 
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their choice is arbitrary. The second horn is not, in the reviewer’s opinion, 
acceptable. The author admittedly inclines to the first, without conceding the 
necessarily problematic character of these so-called postulates. 

The reviewer concludes that the case for formalisation has not been made. 
The book has other defects. No book is perfect, of course, but most do not 
attempt to blanket criticism from the start, either by virtually denying the 
existence of opposition (the book “presents a core of widely accepted doctrine” 
(p. ix)—this is a persistent theme, and it is a fact that no developed conflicting 
thesis is allowed to intrude), or by tendentious classification (‘Any principle... 
for selecting among formal systems may be construed, broadly, as an inductive 
logic’ (p. 154)), or by suggesting that culpability for any weaknesses or lacunae 
in the position adopted lies with the intrinsic difficulty of the subject-matter 
(‘It [the randomness criterion] is exceedingly difficult to spell out in detail’ 
(p. 136) and “Things are not simple as as I am pretending they are’ (p. 163)). 

This is made more irritating by the speciousness of the author’s rigour: 
for example, the “more formal” definition of randomness on page 137 is not, as 
it stands, equivalent to its paraphrase on the previous page, while by some 
oversight theorems I-IV on page 187, 188 are strictly not well-formed formulas. 
Vagueness is pervasive: in the discussion of the inductive method enjoined, it is 
not clear whether having a high probability is sufficient for the acceptance of a 
hypothesis; given the consistency of “rational corpora” it clearly is not; but one 
has to get halfway through the chapter devoted to the formalisation of fragments 
of physics to find this stated. The chapter on probability is the worst offender: 
apart from the foregoing it is not clearly stated that the probabilities assigned 
to statements are intervals rather than just members of the set of real 
numbers o<x<1; no ordering is defined for these intervals; finally, the 
reader is not told where precisely the boundary to the domain of the probability 
function lies. Misprints abound. 

Last, a word about the inductive method presented in chapter 7; it appears 
to rest four-square on the almost indiscriminate application of what appears 
to be a formulation of the law of large numbers, without (of course) any 
indication of what are to count as “sufficiently large” n in disparate applications. 
This is presumably part of the “widely accepted” doctrine the book purports to 
present. The reviewer concludes by remarking that the absence of any apparent 
alternative approach should not cause the uninformed reader of this book to 
infer the rationality of this. 

COLIN HOWSON 
London School of Economics 


Bropy, Boruch and Capatpi, Nicholas, Eds. (1968) Science: Men, Methods, 
Goals. A Reader: Methods of Physical Science. New York: W. A. Benjamin. 
Paper. 27s. 6d. Pp. 339. 

KOCKELMANS, Joseph, Ed. (1968) Philosophy of Science: the Historical Background. 
New York: The Free Press. 84s. Pp. xiii+-496. 

It seems to be a widely-held belief that the philosophy of science does not 

lend itself to textbook treatment. This view may be a justified one, for more than 

one of the “great men” in the field have found their reputations tarnished by 
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their attempts to produce a uniformly high quality text for students. The issues 
are perhaps too complex and the clear presentation. of them too difficult to 
permit any one man, however gifted, to do justice to the enormous task of en- 
lightened exegesis of problems ranging from probability and induction to tele- 
ology and Zeno’s paradoxes. In the absence of textbooks in the traditional sense, 
teachers of the subject have demanded (or publishers have forced us to demand) 
anthologies, collected essays by numerous individuals on different topics in the 
philosophy of science. In the beginning, this trend (which probably dates from 
Feigl and Brodbeck’s Readings in the Philosophy of Science, 1953) was a healthy 
one. Editors had a deft sense for the significant and produced volumes which 
one could unreservedly put in the hands of students. The early collections 
(Feigl and Brodbeck, Danto and Morgenbesser, Madden) were excellent ex- 
amples of what could be done in an anthology. Granting the inherent limitations 
of the genre, they were an undoubted success and probably did much to raise 
the level of undergraduate education in the subject by bringing together between 
two covers many of the classic recent contributions to the field. Recently, 
however, “anthologising” has reached epidemic proportions. Some of these newer 
books contain material published (usually!) for the first time, intended for con- 
sumption primarily by professional philosophers and not their students. The 
Minnesota, Pittsburgh, Boston and Delaware Studies, with varying degrees of 
success, now constitute important primary sources for the philosophy of science. 
But the spate of recent anthologies directed primarily to students is in quite 
another state, as one of the two anthologies under review clearly illustrates. 

` Kockelmans, to take the more interesting of the two, has adopted a principle 
of selection which makes his book unique in the field. He evidently believes 
that the best approach to problems in contemporary philosophy of science is 
an historical one, which traces the gradual evolution of these problems and the 
increasing sophistication of the solutions offered for them. Accordingly, the book 
is divided into four sections: The Beginning (1786-1850), The Latter Part of 
the 19th Century (1870-94), The First Decade of the zoth Century, and Toward 
Contemporary Philosophy of Science (1910-27). It includes excerpts from many 
of the classic authors, including (among others) Kant, Herschel, Whewell, 
Mill, Jevons, Stallo, Mach, Pearson, Poincaré, Peirce, Duhem, Campbell, 
Schlick and Bridgman. Each of the excerpts is carefully edited and perceptively 
introduced, and useful bibliographies for further reading are provided. 

Of course, one occasionally disagrees with Kockelmans as to the relative 
importance of the excerpts he includes and as to his general terms of reference. 
Why, for instance, since he is convinced that the philosophy of science should 
be studied in its historical context, does he begin the book with Kant’s Critique 
rather than, say, Bacon’s Novum Organum or even Aristotle’s Posterior Analytics? 
Equally, one wonders why the influential positivists Comte and Bernard were 
omitted entirely; and whether Peirce’s ‘Mill on Induction’ is really the best 
example of Peirce’s approach to methodological questions. But whatever 
lingering reservations one might have about some of the particular items in- 
cluded, the book as a whole admirably confirms the editor’s thesis that “without 
a thorough knowledge of the historical development of the discipline it is vir- 
tually impossible to understand genuinely and to be able to make, an objective 
evaluation of the various trends in contemporary philosophy of science”, 
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By casting his net wider and further back in time than most anthologists have 
done, Kockelmans has been able to produce a book of consistently high quality, 
whose selections serve the dual purpose of dealing with methodological questions 
in a stimulating way and of permitting the reader to see how current problems in 
philosophy of science grew out of problems which were significantly different. 
Never again can it be assumed that the philosophy of science is a discipline with- 
out an history, nor that anything like what Schlick called a “Wende der Philo- 
sophie” occurred in Vienna in the late 19208. 

The anthology by Brody and Capaldi is in an altogether different class. 
Containing a number of short excerpts from philosophers of science, both 
classical (e.g. Newton, Herschel, Maxwell and Kant) and modern (Hempel, 
Duhem, Poincaré and Hanson), the book ranges over three major problem 
areas: “the nature of scientific theory”, “the discovery and justification of scientific 
theories” and “science and mathematics”. Long before the reader has a chance 
to assess the importance of its principles of selection or its rationale, he is assaulted 
by a series of editorial blunders, malapropisms and oversights which condemn 
the book beyond any possible hope of redemption. The sloth and carelessness 
of the editors make this book an embodiment of the worst kinds of faults afflict- 
ing anthologies today. Looking first at the most mundane level of editorial 
care and accuracy, one is struck by an irritating series of typographical and 
stylistic errors. The reader can be forgiven if he is left slightly perplexed by a 
reference to logical ‘vecosity’ (p. 177) instead of ‘necessity’. He can be excused 
if he is surprised to learn of Braithwaite’s travel diary, Scientific Exploration 
(158). “Ture’, far from being a Goodmanesque predicate, is the Brody-Capaldi 
rendering of ‘true’ (218). Then there (p. 195) is that technical term ‘Protocalstaze 
(=ar ‘protocol sentences’?) Or the reference (p. 293) to Bertrand Russel, with 
one ‘I’ (presumably on the principle that names, like men and their reputations, 
shrink with age). The book is full of other innovations; we discover, for in- 
stance, a new Roman numeral ‘ixiv’ (p. 241). And two new mathematical ex- 
ee 
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pressions: > and a (pp. 31. and 290). The editors invent a new French- 


Latin journal, the Revue de Metaphysica (171). Umlauts, accent marks and 
cedillas are avoided with unmitigated Anglo-Saxon zeal, a zeal marred only by 
their occasional appearance. Even so, when they are used, it is often incorrectly 
(e.g. Ampere, p. 159), 80 no real concessions are made to the caprices of Europ- 
ean spelling. At one place (p. 74), we find the phrase ‘easiest to (ii®) grasp’. 
There are no footnotes on the page in question, so one can only hope that the 
editors find such hieroglyphs easier to grasp than the unfortunate reader. 
Passages are sometimes omitted from quoted works without the customary 
elisions (pp. 85, 124, 134); and, presumably for balance, there are elisions when 
nothing has been omitted (p. 124.) The Frenchman Mariotte becomes the Italian 
‘Mariotti’ (p. 70), while Henry Oldenburg becomes ‘Oldenberg’ (p. 115). 
One step up from the typographical oversights (which I stopped counting 
at 400) are the significant errors of fact. Thus, Messrs Brody and Capaldi 
misdescribe Part II of Whewell’s Philosophy of the Inductive Sciences as Part II 
of his History of Scientific Ideas (p. 132). They have Duhem claiming (p. 235) 
that mathematical physics was created in the sixteenth century, when the original, 
text has it in the seventeenth. But perhaps it is not fair to scruple over a mere 
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hundred years. More disastrous is the implication that Osiander’s preface 
to the De Revolutionibus was written by Copernicus (pp. vii, 73), or the inclusion 
of Newton (along with pseudo-Copernicus) under the section on “instrumental- 
ism”. 

Placed under a section headed ‘Newton’s Fourth Rule of Philosophizing’ 
is a passage from a letter Newton wrote to ““Oldenberg” some forty years before 
he published the fourth rule (p. 117). Small wonder, then, that the editors can 
say-—which is manifestly incompatible with the text of the actual fourth rule— 
that Newton uses that rule to “warn us to accept only hypotheses that are clearly 
related to observation” (p. 92). Finally, there are the glaring errors of interpre- 
tation. One stares in disbelief at the assertion that the famous Whewell-Mill 
controversy on the logic of discovery was really a “great debate over confirmation” 
theory (p. 93). Hume’s treatment of causality and necessary connection is 
incredibly described as ‘a traditional objection to the confirmation theory’ 
(p. 96). 

On top of everything else, the editorial introductions are persistently patron- 
ising. The book is filled with phrases like “You should note carefully ...’ (208), 
‘You must decide for yourself... .’ (ibid.), or ‘Before you agree with this criticism 
... you should see if his reply is satisfactory’ (211). With such devices they lead 
the gentle reader through a humdrum summary of the contents of the volume, 
dissected, like slabs of meat in a butcher’s window, with all the skill and subtlety 
which an axe can provide. Perhaps the more suitable metaphor is dehydrated 
soup, for the contents are pre-cooked and pre-digested, if not particularly 
appetising. Thus, we are told exactly when an argument is important (‘You 
should note it carefully’) and when it is not worth pursuing. 

With most unindexed books, one deplores the absence of an index, for it 
makes the book more difficult to use. In this case, however, one must applaud 
the publisher’s good sense in not providing one. If the Brody-Capaldi volume 
were completely atypical of recent trends in anthologising, it would scarcely 
warrant such attention. There are unmistakable signs, however, that this 
volume is but an extreme example of the cavalier attitude which an increasing 
number of editors are showing to their work. 

A. N. MAXWELL 
University College London 


Danto, Arthur C. (1968) Analytical Philosophy of Knowledge. Cambridge: 
University Press. 55s. Pp. xiv+270. 


Professor Danto’s aim in this book is to investigate “‘the space between language 
and the world” which our experience must traverse if we are to know things about 
the world. As knowers of the world men “exist without the world” ; as themselves 
potential objects of knowledge they exist within it. Science is concerned with 
what goes on in the world, philosophy with the space between language and 
the world, and the great philosophical error is to treat this space as though 
it were internal to the world: i:e. to confuse semantical relationships with non- 
semantical ones (which he calls ‘descriptive’). This error is committed by epis- 
temological sceptics, phenomenalists, logical positivists, and many others. 
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This may sound mysterious and deep, as the author intends (p. xii), or it 
may sound rather artificial. In fact the book is neither so good, nor so bad, as 
these first impressions might suggest. Its final conclusions are somewhat common- 
place; one feels inclined to contest not so much the conclusions. as the assertion 
that many philosophers would dispute them. That semantic relations are differ- 
ent from ‘higher than’ or ‘to the left of’; that more can be said about human 
beings and their languages than is the concern of semantics; that one could not 
understand a language without knowing something about how to apply its terms, 
and hence being in principle able to know something about how the world is; 
these are not very surprising or unusual results. One wants to know more about 
the details: in particular, just how it is that semantical relations are peculiar, 
In the last chapter, in which truth is discussed, we are led to hope that something 
more substantial will emerge; for after arguing against Strawson that in saying 
that s is true we are saying something about s, namely that it has the semantic 
property of correspondence to the world (pp. 252, 258), Danto turns to a con- 
sideration of what is meant by ‘correspondence’. But all he does is to tell us 
what we knew already: that it is a semantical relation. It is true that he goes on 
to say that the relation holds not between true statements and facts, ‘fact’ being 
itself a semantical term, but rather between true statements and things in the 
world, and that it resolves into such relations as reference, instantiation, etc. 
(p. 263). But one then expects some discussion of these concepts, and one does 
not get it. 

Some of the discussions of particular topics in the course of the book are of 
much more interest than its final conclusions. The earlier part is devoted to 
considering what knowledge is. It is argued that although ‘I know’ is used’ 
performatively, to advance a knowledge claim, it is also used to assert something 
of the speaker, namely that his claim is justified (pp. 48, 120). Some knowledge 
(he goes on) is direct—the claim to know is justified although the claimant 
possesses no evidence in its support; many first-person judgments are of this 
sort, e.g. ‘I know I am in pain’. Here I can be wrong if I misuse the word ‘pain’, 
but I don’t go on anything except the pain itself (ch. 2). Although any sort of 
sentence could in principle be known directly, it seems strange to say that we 
have direct knowledge of inferential principles (pp. 66, 71), yet unless we do 
how can we ever invoke our direct knowledge as evidence justifying a claim to 
indirect knowledge? (ch. 3). If I am to know something indirectly, I must have 
adequate evidence for it, and this (ultimately) involves having direct knowledge 
which entails it; but the knowledge that this entailment holds is semantical, 
and to have it is to be able to apply a rule of language (ch. 5).—Clearly here 
Danto is saying things that many philosophers would find objectionable. Do 
we, for example, need “adequate” evidence of this sort in order to have indirect 
knowledge? Certainly (as Danto argues) we do not say someone knows that s 
where it is a pure accident that the evidence he possesses is appropriate; but 
the evidence could be good and reliable, and known to be so, without entailing 
the claim it supports. What is needed is an extensive discussion of criteria here, 
but again we do not get it. 

His argument is not always sufficiently tight, and it is not always fully clear 
what he is claiming. He compares knowledge and belief, and decides that they 
are not incompatible because not determinates of the same determinable: belief 
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is a “sentential state” (ch. 4). Sentential states, we are told, are replaceable 
by sentences and are themselves to be regarded as sentences or inscriptions; 
we are made of sentential states (though not wholly) because we can perform 
actions with sentences just as we can with our limbs (pp. 93, 96). They are 
apparently not dispositions to come out with sentences, but non-dispositional 
properties of individuals. Their existence is a theoretical postulation which’ 
might be given neurological cashing—but it is not clear what role this suggestion 
plays, for he seems to agree that in ascribing a belief to someone one is not making 
a physiological hypothesis (pp. 95-7). 

He goes on to say that a sceptic who was in doubt whether all statements 
could be false would be refuted by the consideration that to learn what a state- 
ment means involves learning how to apply it (ch. 7-8). But the phenomenalist 
surely does not (usually) make the same mistake: Danto thinks he does (ch. 9). 
In asking whether the objective world corresponds to his experiences the pheno- 
menalist is not surreptitiously treating his experiences as semantical vehicles, 
and so is not open to the objection that if they are to be intelligible we must have 
some way of determining whether they are veridical. Of course one might argue 
that descripitons of one’s experiences use language borrowed from descriptions 
of the external world, but Danto does not think he is using this familiar argument. 
He seems to think that phenomenalists ask: ‘How is it possible for a statement 
to be true?’ But normally they recognize that their descriptions of their own 
experiences have truth-values; they want to analyse one type of statement in 
terms of another. Danto recognizes that there is a problem about whether 
physical-object statements can be analysed in terms of experiential statements, 

"a problem which does not have anything special to do with the general question 
of how words can match the world; but he dismisses it as of little interest, 
at least to an epistemologist (p. 222). 

R. C. S. WALKER 
Merton College Oxford 


SWINBURNE, R. (1968) Space and Time. London: St Martin’s Press, £3 3s. 
Pp. 319. 


Mr Swinburne has written a book on space and time which, if not a classic, 
is still both spacious and timely. It is 300 pages long, and comes when a dis- 
passionate philosophical survey of these topics is certainly needed, There is 
no hope of stemming the fat volumes of overzealous and ill-related symposia, 
of physicists taking their quantum and cosmological troubles out on the easy 
target of kindergarden philosophy; but here at least is a reasonable intellectual 
antidote. Swinburne’s greatest virtue is his common sense and if, as I argue 
in more detail below, it has its limitations, one could still wish it more widely 
applied elsewhere on space and time than it is. 

I think it will be most helpful in this review if I concentrate, apart from in- 
dicating the book’s contents, on those parts of the argument about which I feel 
doubt or disagreement. This may seem carping, but it is not meant to be; 
there are long stretches of the book with which I entirely agree and, for the rest, 
I don’t suppose Swinburne expected to settle beyond question all the deep 
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problems raised by space and time. It is pleasant to find arguments worth the 
criticising. 

Swinburne starts by assuming an analytic-synthetic distinction coinciding 
with those between the necessary and the contingent and between the a priori 
and the a posteriori. He argues briefly, and by no means conclusively, for this in 
an eleven page introduction, but seems content to be judged by how well the 
collection of propositions he considers can be split across this rigid dichotomy. 
That is fair enough, but makes one cautious of accepting some of his eliminative 
arguments, to the effect that a proposition is necessary, analytic and a priori 
because it is not contingent (or not synthetic, or not a posteriori). I refer below 
to some such arguments, the oddity of whose conclusions would incline me 
rather to question the rigid distinction that leads to them. But the book may 
even here be read with profit conditionally: assuming the traditional analytic- 
synthetic distinction, what do we know of space and time and how may it be 
classified in these terms? 

We start with space, to which the first seven chapters are devoted: on places 
and things, spaces, absolute space, distance and direction (two chapters, on 
primary and secondary tests), physical geometry and dimensions. 

In connection with absolute space, Swinburne distinguishes this thesis, 
which he takes to be that there is a single basic frame of reference for the laws 
of motion, from the thesis that the geometrical properties of space are affected 
by the presence of matter. He argues, I think correctly, that the former is a 
contingent matter, to be settled by whether established physical theory employs 
one or more basic reference frames. So construed, we have strong grounds for 
thinking that there is no absolute space. But these grounds would not be an 
insuperable obstacle to one who, perhaps for theological reasons, wanted to insist 
on the independent existence of places. Physics may give no grounds for select- 
ing one from the class of all equibasic frames, but it does not thereby proscribe 
selection on other grounds. Nor, of course, need relativity dismay an absolutist: 
he can still have (and go to...) his absolute places, even if their spatio-temporal 
relations can no longer be split uniquely into a spatial and a temporal component. 
But those of us who are content with the evidence of physics on these matters 
may for the present conclude with Swinburne that there is no absolute space. 

That there is no space when there are no things (Swinburne’s distinctions 
between material and physical objects are not here to the point) is a different 
thesis, which Swinburne regards as necessary, on the grounds that places cannot 
be reidentified without reference to things. He holds it logically possible for sets 
of things to be spatially unrelated to ourselves and each other; if this possibility 
were enough for the actual existence of the corresponding spaces, we should 
have an infinite number of the latter—and Swinburne thinks that this is absurd. 
Well, it is certainly odd but, after all, it isn’t as if all these spaces took up any 
room in our space, and I’m not sure that this essentially aesthetic argument 
(reflecting a Quinean “taste for desert landscapes”) can be taken to show as a 
matter of logic there is no space when there are no things. If it did, I fear it 
would also show that there is no space where there are no things—i.e. the Leib- 
nizean argument against the vacuum—unless some implausible distinctions are 
made within the class of existential counterfactuals. First, we grant that to 
identify a place we must find its spatial relations to other places, and to do this 
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we must have things in all these places. Now, if we admit a vacuum, it is suffi- 
cient for the existence of a place that it be logically possible for some thing 
to be there, whose spatial relations to other things could then be found, But then, 
why insist on the actual presence of the other things—surely their logical possi- 
bility also is enough? If not, just how many things (with spatially indistinguish- 
able parts) do we need for an actual space (since one is not enough for all spatial 
relations in three dimensions)—two, three? Does a whole new space spring 
into being with the nth spatially related thing? And if so, isn’t that at least as 
great an absurdity as an infinity of actual unrelated spaces, all neatly tucked 
away nowhere? 

Swinburne’s distinction of primary and secondary tests for distance and direc- 
tion rests again on his rigid analytic-synthetic distinction. I raise here a few 
points about distance. His primary measure of a distance AB is the smallest 
number of times a specified rigid unit rod needs to’ be placed along a line AB 
(p. 72). On page 78 he observes, correctly, that what the distance between two 
places shows is “how far it is for an observer situated at [A] to get to [B]”. Now, 
it isn’t obvious that there is an analytic connection between this, essentially 
dynamic, concept and the essentially static test Swinburne puts forward as 
primary. We might distinguish here between the concepts of the (linear) size 
of a place, for which his primary test seems very plausible, and of distance 
between two places. The latter much more obviously than the former is closely 
tied to concepts and theories of motion. Here, as at some other points, Swinburne 
seems to me to rely too heavily on the presuppositions of our ordinary concepts. 
Without investigation of the point of having such concepts, some rather trivial 
presuppositions may too easily be elevated into over-necessary truths. Perhaps 
if our intergalactic measuring rods (for example) were deposed from their 
alleged primary status, the concept of intergalactic distance would differ from 
our ordinary one, But the concept, which would doubtless go under the same 
name, would still serve the main purpose spelled out in the quotation above, 
the same purpose primarily served, it seems to me, by ordinary road signs. 
I should prefer to suppose myself then still in possession of the same concept, 
at the cost of losing now the necessity of a truth about how it is applied. 

There is here a surprising discrepancy between Swinburne’s insistence on 
the measuring rods of ordinary (?) use, and his acceptance of the need to replace 
“the ancient concept of distance... by the concept of distance in a frame” 
(p. 95). The primary tests of distance, themselves taken to afford precise formal- 
isations of, rather than to be literally entailed by, our ordinary concepts, are 
only claimed to give “definite results to a high degree of accuracy in ordinary 
situations on Earth”, and Swinburne admits that “it is not always clear what are 
the tests to be used [for]... even higher degree of accuracy” (p. 72). With 
these limitations, I do not see that relativistic effects need impinge at all on our 
ordinary, ancient, concept of distance, let alone cause it to be replaced. 

But I am all on Swinburne’s side in appealing to ordinary usage against 
the more extreme conventionalist views about congruence that he discusses 
(PP- 95-7): 


[The] meaning [of ‘congruent’] is determined not merely by the fact that 
it is a spatial equality predicate, but by such considerations as that a wooden 
ruler is approximately congruent with itself when moved across my room. 


Reviews 369 


The change is all the harder to understand, from such admirably liberal senti- 
ments about meaning, to the curt dismissal as ‘‘secondary” of a host of “methods 
for ascertaining distance ... beyond the earth” (p. 113). This on the grounds 
that they are “open to review and refinement”, whereas primary tests, being 
defining, are not. But is one really not allowed to review and refine measuring 
rod operations without changing one’s concept of distance? Is it really true that 
if all optical and dynamic tests for distance to a star were to give one answer, 
and a waving of billion-billion-metre rules another, we would, on pain of 
changing concepts, be compelled to patch up the former rather than change 
our criteria of rigidity for the latter? We see again, I think, the Procrustean 
effects of Swinburne’s relentless applications of the categories of necessity and 
contingency on the limited basis of common usage. 

In chapter six, Swinburne takes the very sensible line that the true geometry 
of space is what is most simply applied by physical theory. It is worth noting 
that this fits perfectly all of Poincaré’s views except the latter’s bizarre conclusion 
that whether a geometry is “convenient” to apply is not a fact (indeed the crucially 
important fact) about the world. We can accept all of Poincaré except his con- 
ventionalism, which would apply equally and trivially (as Eddington applied 
it), to the whole of physical theory. Duhem-Quine conventionalism is of course 
another matter, but that thesis never was applied peculiarly to geometry. 
We may note also, as Swinburne does not, that whether space is Euclidean or 
not is a partially indeterminate question unless we specify how close to Euclidean 
a non-Euclidean geometry may be. Suppose space were Euclidean: then any 
specific non-Euclidean geometry would be ruled out by sufficiently precise 
measurement. But equally, any measurement, however precise, since inevitably 
not perfectly so, would still fail to rule out some non-Euclidean geometry. 

Swinburne’s arguments in chapter seven, that space is necessarily three- 
dimensional, seem to me extremely weak, although I know of no stronger 
ones for its being a contingent matter. He rests the whole burden of proof 
on his inability to conceive which way the fourth dimension would go (p. 152). 
This is backed up by insisting that the inmate of an apparently two-dimensional 
world would have to conceive the thickness of the lines he could see as being in 
some third dimension. Consequently, were the world four-dimensional, we 
should have analogously to be able to conceive the “thickness” of the surfaces 
we see as being in some fourth dimension. (Now that I put it to myself that way, 
I fancy I can, but this is doubtless an illusion brought on by overwork...) 
Well, granted perhaps that, as space is only three-dimensional, we within it 
find ourselves unable to conceive which way the fourth would go. But I cannot 
see how it follows from this that space must, of logical necessity, be of only three 
dimensions: merely that its having three dimensions as a matter of fact is a 
plausible explanation of our conceptual limitations in this respect. Perhaps again 
all Swinburne really wishes to insist on is that our ordinary concept of space 
presupposes its three-dimensional nature. I would not dispute so uninterestingly 
modest a thesis, but then that is not how it is put (on p. 153). 

„. We turn now to time, to which Swinburne devotes chapters eight to eleven, 
thirteen and fifteen, together with chapters twelve and fourteen on related 
spatial features of the whole Universe. He discusses past and future, logical 
and physical limits to spatio-temporal knowledge, the topology of time, absolute 
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time and the beginning and end of the Universe. As on space, I agree with much 
of Swinburne’s argument; in what follows I concentrate on justifying my rarer 
disagreements. 

In chapter nine and later, a great deal of weight is put on the staggering claim 
that “scientific laws state how events and states of one type, As, cause events 
and states of another type, Bs” (p. 177), where a cause is construed as a temporally 
precedent sufficient condition of its effect. From so conveniently restrictive a 
definition of scientific law a host of desired logical asymmetries between past 
and future flow with great ease, but it really will not do. Suppose ‘all ravens are 
black’ is a law (and if not, suppose some established equilibrium gas law is). 
Are we to suppose that whatever turns something into a raven causes it to turn 
black? If so, then what causes it to stay black from adult instant to adult instant 
(with which the law is largely concerned and which would suffice for its truth had 
ravens existed for ever, as some charged particles may have done)—its 
being a raven the instant before? Swinburne sees such difficulties, which he 
meets with a flat denial (p. 180) that any “real law of copresence” exists, 
because it could not be “tested experimentally”. This is just not true, because it 
is just not true that to establish a law in science is necessarily to establish cause- 
effect relationships. Something more than mere correlation is perhaps needed 
for a law, such as e.g. deduction from a theory (which also need not concern 
itself with causes and effects). Deductivist criteria for lawlikeness, on the Braith- 
waite-Nagel pattern, have recently been under attack, but not because they 
are too liberal in admitting non-causal laws—on the contrary. 1968 is really 
very late to stipulate a definition for scientific laws satisfied by under 5 per cent 
of what are so-called. Swinburne’s definition may accord with the usage of 
Analysis and Mind, but laws are devised, tested, confirmed, rejected, and ex- 
plained in other terms, amongst which ‘cause’ figures rarely and rather trivially. 
It is high time the term was banned from serious use in the philosophy of science; 
for the present it is enough to observe that it is at least too obscure to be an 
acceptable primitive in an analysis of temporal asymmetries—its use simply 
begs all the important questions. 

To take just one unfortunate consequence of Swinburne’s view of laws, on 
page 179 he concludes that “there is of logical necessity a weakness involved in 
retrodiction which is not involved in prediction” because “we cannot make things 
to have happened”. But we can as easily discover whether a past as a future state 
of affairs, connected by a supposed law with a present state, in fact obtained, 
and the record of such tests constitutes the instantial evidence for the law. 
Swinburne here confuses the temporal relation between events of kinds specified 
in some laws with those between past and present and between future and present; 
. ' and correspondingly confuses testing a law against a tenseless record of singular 
instances with testing a prediction or retrodiction of a singular instance against 
some more recently acquired evidence for or against it. 

On a related point, although J think Swinburne is right in supposing that we 
could not have as much knowledge of the future as of the past, some of his argu- 
ment for this is too condensed. On page 194 he makes too much of our having 
to “foreknow the conclusion of any process of establishing an item of knowledge” 
(p. 194). In the postulated world, such foreknowledge need not force itself 
on us in this obtrusive way. It could make as much sense to investigate the future 
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as it now does for diligent historians to investigate the past. The crucial point 
is that we would be able to know the results of discoveries before they were made, 
not that we would be unable not to know them. That still leaves Swinburne’s 
conclusion as a useful cautionary tale for the more visionary exponents of “‘science 
policy”: assessing the value of the results of various forms of basic research 
before it is done poses logical as well as practical problems, which are not to be 
removed by bigger computers or clutches of sociologists. 

In most of the rest of the book, Swinburne is not concerned to establish 
necessary conclusions, but to explain and relate to them what science has con- 
tingently concluded on such matters as the age, size, and future of the Universe, 
and where the evidence is weak and where strong for such conclusions. He does 
this with great clarity and simplicity and, so far as I can judge, accurately. 
It is only just to emphasise this, and to repeat how much I find acceptable of his 
original analyses, in the face of what is bound to seem too carping a review. 
And if I am to carp, I might as well list those few misprints I found which might 
confuse or mislead an unwary reader: 


p. 20, line —6 up essentially repeats line —7 up 
p. 78, line 14 should end ‘passing a’ 
p. 186, line —4 up should start ‘is a trace of a past state.’ 
p. 264, last line should read ‘... one single macrostate.’ 
p. 284, line 15 should end ‘([k—d]’ 
D. H. MELLOR 
Pembroke College Cambridge 


Kostow, Arnold, Ed. (1967) The Changeless Order—the Physics of Space, 
Time and Motion. New York: George Braziller. $7.59. Pp. viii+328. 


Arnold Koslow, who is an assistant professor of philosophy at Brooklyn 
College (now part of the City University of New York) and Visiting Professor 
of Philosophy of Science at Columbia, has produced (within the limitations 
discussed below) a useful anthology of writings on the basic physical concepts 
of space, time and motion by authors ranging from Plato to Wigner. The 
problems discussed “centre around the description and explanation of middle- 
sized, non-atomic bodies”. 

One of the main themes running through the book is the law of inertia. 
This is a “conservation law” and, although there are other types of law in physics 
providing information on how the state of a system changes in time, Dr Koslow 
argues that “laws of conservation are more closely linked to the problems of 
space and time”. He specifically excludes quantum mechanics from his anthology, 
because it raises issues concerning causality and the representation of motion’ 
into which he does not wish to enter in the present book. Although this restric- 
tion is reasonable, his argument that laws of conservation are more intimately 
bound up with the nature of time (as well as space) than non-conservation laws 
is fallacious. For no physical law is “more closely linked” to the concept of time 
than is the second law of thermodynamics, the most famous of all non-conserva- 
tion laws. Dr Koslow has succumbed to the influence of the esprit géometrique 
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that has been one of the most widespread restrictive practices associated with 
western thought from the time of the Greeks. 

The book is organised into two parts, the first labelled ‘Motion’ and the second 
‘Conservation’. In the former there are selections from the Timaeus and from 
Aristotle’s Physics (Zeno’s paradoxes of motion); a short passage from Descartes 
in which he states his law of conservation of motion that marked a significant 
advance in the gradual emergence of the law of inertia; extracts from Galileo’s 
writings on falling bodies and on accelerated motion; Newton’s ‘Rules of Reason- 
ing in Philosophy’ and the definitions and laws of motion at the beginning of 
the Principia and a part of the Leibniz-Clarke correspondence; passages con- 
cerning space and time in Boscovich’s Theoria that bear on his hypothesis of 
material points; Euler’s defence of Newtonian absolute space and time, and 
Kant’s theory of space and time as set out in two essays of 1768 and 1770 and 
in his Inaugural Dissertation; Mach’s analysis of the law of inertia in his Science 
of Mechanics; Einstein’s discussion of simultaneity in his famous paper of 1905 
and his remarks on the problem of space in his semi-popular book Relativity, 
the Special and the General Theory; and finally, Sciama’s account of Einstein’s 
principle of equivalence and his own theory of the origin of inertia as set out 
in his book The Unity of the Universe. 

The second part begins with Joule on the mechanical equivalent of heat 
(reprinted from Phil. Mag. 1857). It continues with extracts on the conservation 
of charge from Faraday (Phil. Mag. 1843) and from Maxwell’s Treatise; Leibniz’s 
idea of conservation of vis viva (Acta Eruditorum, 1686); passages bearing on 
the conservation of energy from Helmholtz’s Popular Scientific Lectures and 
also from a paper by Faraday (Phil. Mag. 1857); an unpublished letter from 
Maxwell to Tait (1868), in which he suggested that the energy of a system is 
located not only in its constituent bodies but also in the field that contains them; 
Einstein’s semi-popular exposition of his law E=Mc® (Science Illustrated, 
1946), and von Laue’s essay on inertia and energy (reprinted in full from Albert 
Einstein: Philosopher Scientist, edited by P. Schilpp, 1949); an essay by G. 
Feinberg and M. Goldhaber on “The Conservation Laws of Physics’ (Scientific 
American, 1963), in which they show how current physics seeks to correlate 
conservation laws with principles of symmetry (the idea goes back to Jacobi, 
although they do not mention this), and a penetrating paper by Wigner (Proc. 
Nat. Acad. Sci. 1964) in which he distinguishes between geometrical and 
dynamical symmetry. 

The editor prefaces each extract with an introductory passage and shows 
how, despite the changes that have occurred over the centuries in theories con- 
cerning inertia, energy, etc., the physical sciences have a cumulative aspect which 
we should not overlook. 

G. J. WHITROW 
Imperial College London 


von WRIGHT, G. H. (1969) Time, Change and Contradiction, Cambridge: 
Cambridge University Press. 55. 32 pp. 


This Eddington Lecture makes a short but exciting booklet, packed with good 
things. It contains numerous suggestive asides about traditional problems 
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relating to time, and handy summaries of two of von Wright’s earlier papers on 
this topic (‘And Next’ and ‘Always’), but I shall concentrate on what seems to me 
new, and also (as von Wright would be the first to acknowledge) full of difficulty. 

Von Wright begins by depicting time as a series of ““occasions”, each of which 
differs from the preceding one by some proposition or propositions having 
changed from being true to being false (or what comes to the same thing, vice 
versa). Some propositions will perhaps be true throughout a given occasion or 
false throughout the occasion, while others will be true for part of the occasion 
and false for part of it. If we use Np to mean that p is true throughout the next 
occasion, and restrict our propositions to ones whose truth-value remains con- 
stant throughout the occasion, we will have for the function Np the following four 
special axioms: Ar. N(p&q}+Np&Nq; A2. N(p V g) 3 NpV Ng;A3.N(pV ~p); 
A4.~N(p&~p); and a “rule of extensionality” to the effect that “expressions 
which are logically equivalent can be, salva veritate, substituted for one another”. 
If we remove the restriction on the p’s, i.e. if we allow them to stand for proposi- 
tions which change in truth-value during the occasion, we must drop Az, since 
for such a proposition we will have p V ~p true throughout the next occasion, 
though neither p nor ~p will be individually so. 

In general, a proposition which is neither true throughout an occasion nor 
false throughout the occasion will be true throughout some part of the occasion 
and false throughout some other part of it. But this, von Wright points out, 
need not always be the case. For a proposition might so oscillate in its truth- 
value that within every part of an occasion, however short its duration may be, 
that proposition will change in truth-value within the part in question. This would 
be what I once described as a temporal ‘fuzz’ (Past, Present and Future, pp. 94, 
108). 

So far so good. But von Wright now makes what seems to me the very strange 
suggestion that where such a situation obtains we must drop not only Az but 
A3, N(p V ~p). For a p which oscillates in this way throughout every part of the 
next occasion, he suggests, ~N(pV ~p) is true. If we treat truth throughout 
the next occasion as a sort of “necessity” (because it obeys some of the laws of this 
modal function), we may define a “possibility” function M in the usual way as 
~N ~, and say that where p oscillates in all parts of an occasion we have M(p& 
~p). Now modal calculi in which N(p V ~p) and the equivalent ~M (p&~p) 
are not theorems do exist, and in fact von Wright’s calculus without Az and A3 
can easily be proved equivalent to the calculus called C2 in E. J. Lemmon’s 
‘Algebraic Semantics for Modal Logics’ (Journal of Symbolic Logic, vol. 31, 
1966, pp. 46-65 and 191-218). Adopting a suggestion of S. A. Kripke, Lemmon 
gives a semantics for this calculus in which Mp’s being true in a possible world 
a, i.e. p’s being’ possible in that world, does not mean categorically that there 
is some related world in which p is true, but only that either that is so or the 
world a is a “queer” one in which even p&~p is “possible”. It would be nice if 
von Wright had found a tense-logical interpretation for the “queer” worlds 
of Kripke and Lemmon. Unfortunately it is provable in Lemmon’s C2, and so 
in von Wright’s equivalent calculus, that if p&~p is possible in any world, 
then anything at all (e.g. g&~q) is possible in it, which with von Wright’s 
interpretationwould mean that if p is in a “fuzz” throughout the next occasion 
so are all other propositions, i.e. there are then no propositions which are 
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either true throughout the occasion or false throughout it. This is a most un- 
plausible story, and I am sure von Wright does not believe it. 

The real moral to be drawn from the possibility of “fuzzy” periods seems to 
me to be, not that M(p&~p) is ever true, or N(p V ~p) ever false, but that if 
we use Mp to mean ‘p is true throughout some part of the next occasion’, then this 
M is not definable as “N. For what ~N~p means is that ~p is not true 
throughout the next occasion, and this could be the case without there being 
any part of that occasion throughout which p is true. What the laws of this M 
would be is a matter that needs to be worked out; clearly we would have Np—> Mp, 
(Mp V Mg) M(p V 9), and M(p&g)>(Mp&Mdg), but not the converse of any of 
these. A world without “‘fuzzes” would be characterised by the postulate Mp«> 
~N ~p. This would not quite mean that time is discontinuous, since temporal 
“atoms”, i.e. occasions within which there is no change, might also be excluded 
(as von Wright observes) by there being an infinity of elementary propositions, 
so that no matter how many of these remain constant in truth-value throughout 
a given occasion, there will always be others which do not. 

It should be remarked that if we are to use the phrase ‘the next occasion’ 
in such a way that that occasion may be one in which change occurs, then the 
further boundary of that occasion can only be arbitrarily drawn, and in the 
limiting case there could be no further boundary at all, the next occasion being 
the entire future (von Wright’s Ar, A3 and A4 being satisfied in this case also). 
It should also be remarked that the plain p cannot be used for ‘p is true through- 
out this occasion’, if an occasion must have some duration; or at least if we do 
so use the plain p, the law of contradiction itself will fail. For it we write Sp for 
‘p throughout this occasion’, we intuitively have ~’s for which ~Sp&~S~p, 
and if pS<e+p this gives us ~p& ~ ~p. 

These last two points do not contradict anything that von Wright has said, 
but are simply caveats; and even where what von Wright does say seems un- 
acceptable, he has put his finger on new problems that badly need discussion, 
and has put us all in his debt. 

A. N. PRIOR 
Balliol College Oxford 


Kızın, Jacob (1968). Greek Mathematical Thought and the Origin of Algebra. 
(tr. by Eva Brann, with an appendix containing Vieta’s Introduction to the 
Analytic Art, tr. by the Rev. J. Winfree Smith). Cambridge, Mass.: M.I.T. 
Press. 1175. Pp. xv-+360. 


This English translation of a two-part study originally appearing in Quellen u. 
Studien z. Gesch. d. Math, Ast. u. Phys., B, 3 (1934-6) will be welcomed by a new 
generation of students for its scholarly treatment of a thread of quite central 
importance in the early history of the philosophy of mathematics. Part I begins 
with a careful examination of the distinction between arithmetic and logistic. The 
superficiality of the usual characterisation of the former as number theory and 
of the latter as practical calculation is exposed and the various understandings or 
misunderstandings of the distinction by Greek writers themselves are presented. 
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Plato’s attempt to give a satisfying content to, and rationalisation of, the primitive 
Pythagorean dogma that ‘everything is number’ and Aristotle’s critical response 
to that attempt are competently surveyed. 

Largely freed from the ontological considerations which shaped Greek philo- 
sophy of mathematics, it became possible for sixteenth- and seventeenth- 
century mathematicians to reconstruct the concept of number in a manner 
congenial to technical developments in the algebra of the time. In Part II, Klein 
shows how this reconstruction was brought about by way of the generalisation 
and symbolisation of the mathematical procedures themselves. Important steps 
in this direction had indeed been made by Diophantus in whose work—whether 
or not consciously “founded on a Peripatetictheory of number relations” (p.135)— 
numbers had “merely an instrumental significance” (p. 143). But Klein shows the 
third-century Alexandrian to have been further removed from the later modes 
of mathematical thought to which he contributed than will easily be appreciated 
by those who have viewed his work only from the modern standpoint. 

Although Aristotle had explicitly characterised the general theory of pro- 
portions of Eudoxus as applicable alike to ‘numbers, lengths, time, and solids” 
(Post. An., 74a 20-24), and mention that analysis and synthesis are common to 
all mathematical disciplines is to be found in Proclus (Eucl. I. Comm., VIII, 5-8), 
the particular conjunction of the geometrical and arithmetical procedures which 
gave birth to the new analysis had to wait for over a millennium more, Un- 
fortunately Klein has not chosen to deal with the work of the Arabs and of the 
Italian algebraists of the sixteenth century which paved the way for the con- 
siderable innovation wrought by Vieta (1540-1603). (See, however, pp. 147-8, 
181.) The specific manner in which Vieta adapted arithmetical to geometrical 
analysis is succinctly characterised with respect to the construction of equations 
for unknowns in terms of parameters, as we might now express it, and the trans- 
formation of these equations to canonical form (p. 161). 

In the final chapter of the main text the evolving concept of number in Stevin, 
Descartes, and Wallis is described. Stevin assimilated “the concept of ‘number’ 
to operations on ‘numbers’ ” (p. 197). With Descartes there begins to be estab- 
lished the modern conception of the physical world “[not] as a taxis determined 
by the order of numbers; it is rather the structure of the world which is grasped 
by means of a symbolic calculus and understooda s a ‘lawfully’ ordered course 
of ‘events’ ” (p. 185, cf. p. 3 and pp. 197-8). (Galileo is not mentioned in this 
connection.) More explicitly than was the case with his predecessors, John 
Wallis saw that arithmetic is not subordinate to geometry—rather the reverse, 
in the sense that geometry represents a particular “application of the universal 
assertions of arithmetic’ (p. 216). And with Wallis, various algebraic powers or 
magnitudes were no longer regarded as signs representing mathematical objects; 
instead as symbols they “are” the mathematical objects, i.e. numbers, the sym- 
bolically conceived ratios of magnitudes (pp. 218-24). 

Historians of ideas will be reminded of numerous struggles in other fields 
paralleling these attempts to overcome or accommodate vestiges of the traditional 
but no longer useful concept of number. The thoroughness of this work will 
ensure that it will remain a standard reference for a long time to come. 


JOHN POTTAGE 
University of Melbourne 
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Park, James L. Quantum theoretical concepts of measurement: Part 1 

The overall purpose of this paper is to clarify the physical meaning and epistemological 
status of the term ‘measurement’ as used in quantum theory. After a review of the essential 
logical structure of quantum physics, Part I presents interpretive discussions contrasting 
the quantal concepts observable and ensemble with their classical ancestors along the 
lines of Margenau’s latency theory. Against this background various popular ideas 
concerning the nature of quantum measurement are critically surveyed. The analysis re- 
veals that, in addition to internal mathematical difficulties, all the so-called quantum 
theories of measurement are grounded in unjustifiable, classical presuppositions. 


Hooker, C. A. Goodman, ‘grue’ and Hempel 


It is now commonly accepted that N. Goodman’s predicate ‘grue’ presents the theory of 
confirmation of C. G. Hempel (and other such theories) with grave difficulties. The precise 
nature and status of these ‘difficulties’ has, however, never been made clear. In this paper 
it is argued that it is very unlikely that ‘grue’ raises any formal difficulties for Hempel 
and appearances to the contrary are examined, rejected and an explanation of their intuitive 
appeal offered. However ‘grue’ is shown to raise an informal, “over-arching” difficulty 
of great magnitude for all theories of confirmation, including Hempel’s theory. 


Perri, Hugh G. The strategy sense of ‘methodology’ 


In this paper I attempt to elucidate the nature of that sense of ‘methodology’ which 
is concerned with the strategies, techniques, and procedures of scientific experimentation. 
It is claimed that methodology in this sense is at bottom a set of logical relations between 
sentences expressing pervasive facts of the subject matter and sentences describing ex- 
perimental behavior. In particular a successful methodology is one in which the set of 
these sentences is logically consistent. I then turn to the problems involved in teaching 
and learning an explicit methodology. Finally, I argue that this analysis throws fresh 
light on the distinction between knowing a fact and possessing a skill or competence. 


Lgacu, James J. The logic of the situation 


Controversy over the adequacy of the regularity or covering law theory of explanation 
when applied to historical actions continues to rage. A detailed analysis is here made of 
Professor A. Donagan’s recent attack on this theory, as representative of many others. 
His alternative model of deductive non-law explanation, based on Popper’s notion of 
the ‘logic of the situation’, is then shown to be invalid and generally defective. Finally, four 
sources of the difficulty are elicited which, when resolved, provide support for the regu- 
larity theory in its probabilistic version. We suggest that this theory, despite recent 
criticism, can be fruitfully extended to historical explanation by uncovering and codifying 
a major difference between history and science, the rational actions of historical agents, 
without distorting it. 


Hempe., Carl G. Discussion: On a claim by Skyrms concerning lawlikeness and con- 
firmation 


Corra, José A. Discussion: Deductive predictions 
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Hacking, Tan. Discussion: On falling short of strict coherence 


Acassı, Joseph. Discussion: Precision in theory and in measurement 


Philosophy of Science, 35 (1968), No. 4 


FEYERABEND, Paul K. Ona recent critique of complementarity: Part I 


Discussions of the interpretation of quantum theory are at present obstructed by (1) 
the increasing axiomania in physics and philosophy which replaces fundamental problems 
by problems of formulation within a certain preconceived calculus, and (2) the decreasing 
(since 1927) philosophical interest and sophistication both of professional physicists and of 
professional philosophers which results in the replacement of subtle positions by crude 
ones and of dialectical arguments by dogmatic ones. More especially, such discussions are 
obstructed by the ignorance of both opponents, and also defenders of the Copenhagen 
point of view, as regards the arguments which once were used in its defence. The pub- 
lication of Bunge’s Quantum Theory and Reality and eapecially of Popper’s contribution 
to it are taken as an occasion for the restatement of Bohr’s position and for the refutation 
of some quite popular, but surprisingly naive and uninformed objections against it. Bohr’s 
position is distinguished both from the position of Heisenberg and from the vulgarised 
versions which have become part of the so-called “Copenhagen Interpretation” and whose 
inarticulateness has been a boon for all those critics who prefer easy victories to a rational 
debate. Einstein’s main counterargument is discussed, and Bohr’s refutation restated. 
The philosophical background and earlier forms of Bohr’s views are stated also. Con- 
sidering that these views are more detailed, better adapted to the facts of the microdomain 
than any existing alternative it follows that fundamental discussion must first return to 
them. Their uniqueness is not asserted, however. Here the author still maintains that a 
hundred shabby flowers are preferable to a single blossom, however exquisite. But a 
hundred shabby flowers plus an exquisite blossom are more desirable still. 


Lacey, Hugh M. The causal theory of time: A critique of Grünbaum’s version 
After precisely specifying the thesis of the causal theory of time, Grünbaum’s program 
developed to support this thesis is examined. Four objections to his definition of temporal 
order in terms of a more primitive causal relation are put and held to be conclusive. 
Finally, the philosophical arguments that Griinbaum has proposed supporting the desir- 
ability of establishing a causal theory of time are shown to be either invalid or incon- 
clusive. 


BungGs, Mario. Physical time: the objective and relational theory 

An objective and relational theory of local time is expounded and its philosophical im- 
plications are discussed in sect. 2. In sect. 3 certain physical and metaphysical questions 
concerning time are taken up in the light of that theory. 

The basic concepts of the theory are those of event, reference frame, chronometric 
scale, and time function. These are subject to four axioms: existence of events, frames 
and scales; time is a real valued function; the set of events is compact; and any duration 
can be subdivided into two contiguous durations. Several theorems are derived, among 
them the one of the asymmetry of time. And a number of concepts are defined, such- 
as those of time order, instant, and time co-ordinate. It is argued that the theory, though 
untestable, belongs to the background of a number of scientific theories. It is also shown 
that it includes all relational theories of time. 

The usual confusion between the asymmetry of time and the direction of irreversible 
processes is clarified. Time reversal is interpreted either as a purely formal operation 
or as a convenient way of describing motion reversed processes. Time orders are shown 
to be both relative and objective, apart from the choice of the positive direction, which 
is conventional. The various attempts to define the direction of time in terms of irreversible 
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processes are shown to be logically untenable and methodologically undesirable. A number 
of metaphysical questions, such as the one of the reality and the fundamental character 
of time, are tackled. Finally the occasion is seized to extol the advantages of systematis- 
ation over both ordinary language discussions and open context analyses. 


Park, James L. Quantum theoretical concepts of measurement: Part II 

This portion of the essay concludes a two-part paper, Part I of which appeared in an 
earlier issue of this Journal. Part II begins with a careful study of the quantum description 
of real experiments in order to motivate a proposal that two distinct quantum theoretical 
measurement constructs should be recognised, both of which must be distinguished from 
the concept of preparation. The different epistemological roles of these concepts are 
compared and explained. It is then concluded that the only possible type of ‘quantum 
measurement theory’ is one of little metaphysical interest and that quantum measurement 
seems problematical only when viewed from an overly narrow classical perspective. 


BykrLy, Henry C. Discussion: Professor Nagel on the cognitive status of scientific 
theories 


Synthese, 19 (1969), No. 3/4 


Goousn, J. A. The logic of inexact concepts 

A logical system for the manipulation of inexact concepts is developed and illustrated by 
examples from philosophy, pattern recognition, natural language, and everyday mathe- 
matics, including number theory. A semantic representation of inexact concepts by fuzzy 
sets is employed, and it is argued that closg’s are appropriate truth sets. Generalised notions 
of implication and negation are introduced, and a method for treating context is given. 
The problem of experimentally measuring inexact concepts is discussed, and a new inexact 
inclusion relation is introduced and applied to the inexact quantifiers. 


PRZEeLECKI, Marian and Wojcıckı, Ryszard. The problem of analyticity 

Let P(a1,...,@n, bi, - - ., bm) (we shall write P for short) be, ina given language L, a set 
of postulates stipulating meanings of the extralogical terms bı, ... , bm. The meanings of 
the extralogical terms a;,..., an are assumed to be fixed. The set P may, in general, 
entail some sentences which do not contain the terms 5,,..., Din and at the same time are 
not logically true. According to many authors such sentences should be considered as 
synthetical (factual) consequences of P. This observation leads to the problem of ‘splitting 
‘out’ the set of postulates P into two sets of sentences Ps and P,, the former representing 
a ‘synthetical component’ and the latter an ‘analytical component’ of P. (These two con- 
cepts correspond to the concepts of factual postulate and analytical postulate known from 
Carnap’s works.) The paper contains a detailed discussion both of the issue, and the related 
problem of defining the concept of analyticity in an adequate way. The results obtained 
recently in the field in question by Polish authors (Maria Kokoszyriska, Adam Nowaczyk, 
Marian Przetecki, Ryszard Wojcicki) are presented, 


Yourton, John W. Gibson’s realism 

J. J. Gibson’s recent work on perception is of special significance for philosophers in its 
stress upon the informational features of perception. Gibson sees the stress upon what he 
calls the ‘ecological’ (as opposed to the physical) features of the environment as providing 
new reasons for realism. Those new reasons emerge once we consider the senses as a system 
of information-extraction rather than as sensation-production, for then sensations become 
much less important—even irrelevant, he thinks—to perception. Having rid ourselves 
of reliance upon sensations and sense-qualities as the source for our knowledge of body, 
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the usual arguments against realism can be avoided. Whether Gibson is right in thinking 
that realism has been vindicated, he has done philosophers a service by freeing them from 
a too heavy dependence upon sense qualities. But object sense qualities, as opposed to 
subject sense qualities (sensations), are an important, perhaps fundamental, source of in- 
formation about the environment. Gibson tends to overlook sensory-quality information. 
We can reinstate object sense qualities in the account of our knowledge of body without 
forsaking the valuable contribution to perception made by Gibson. Then we should be in 
a position to examine afresh the concepts of realism, phenomenalism, scepticism, etc. 


GIBSON, James J. Are there sensory qualities of objects? 

In reply to one of the points made by Yolton it is argued that there are qualities of sense 
impressions and that there are qualities of objects but that there is no special class of the 
qualities of objects to be designated as sensory qualities. The qualities of sense impressions 
do not constitute information about objects. 


ARBINI, Ronald. Comments on linguistic competence and language acquisition 
In this article the author wishes to do two things: 


(1) Defend the literal interpretation of Noam Chomsky’s rationalistic account of lang- 
uage acquisition against Gilbert Harman’s recent criticisms, and 

(2) Show that Harman’s reconstruction of empiricist alternatives inadequately explain 
what is known about language acquisition. 

The first of those goals is accomplished by showing that when interpreted literally 
Chomsky’s rationalism does mot constitute a ‘vicious circle’ as Harman believes. The 
second goal is achieved by showing that Harman’s empiricist alternative is inconsistent 
with what he himself maintains in arguing that rationaliam cannot be taken literally. 
Finally it is argued against Harman’s alternative that his proposed ‘inductive procedures’ 
cannot explain the intuitions exercised by the competent speaker because these intuitions 
must be exercised in the identification of what counts as data for any proposed induction. 


Harman, Gilbert. Reply to Arbini 


I have argued against Chomsky for the following two claims: (a) There is no reason to 
suppose a speaker of a language has knowledge of the rules of grammar in the sense that 
he has internally represented them. (5) Even if I am wrong in my first claim, there is no 
plausible way to define rationalism and empiriciam such that transformational grammar 
supports rationalism. Arbini ignores my argument for (a) and fails to note that my argu- 
ment for (b) is a dilemma (in avoiding one horn he impales himself on the other). 


Strauss, M. Corrections to Bunge’s Foundations of Physics (1967) 

A number of mistakes in logic, mathematics, and physics occurring in Bunge’s book are 
pointed out and corrected. In addition, the presentation of quantum mechanics given in the 
book is shown to be fundamentally wrong both in mathematics and physical semantics. 
The required corrections are given. 


BungGs, Mario. Corrections to Foundations of Physics: Correct and incorrect 

A reply to M. Strauss’ criticisms of the author’s book Foundations of Physics (1967). 
Five out of the twenty-one critical remarks are found correct, However, these five points are 
rather minor technical ones without philosophical significance. Some of the philosophic- 
ally interesting questions that come up are these : (a) whether probability statements are 
derivable from propositions that are not manifestly probabilistic; (6) whether one and the 
same symbol can be assigned more than one meaning in a given theory; (c) whether the 
probability of a state makes sense in quantum theory; and (d) whether the quantum- 
mechanical densities are physically meaningful. A score of exercises and open problems 
complete the note. 
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The Society holds meetings, at which papers are read and discussed, once a 
month during the academic year. These are held, by kind permission, in University 
College, London. The Committee may recognise Regional Groups of Members 
furmed to hold meetings in other parts of the country. Any Regional Group so 
recognised may nominate a representative Member to the Committee. 


Ordinary membership is open to all persons who have been proposed by two 
members, approved by the Committee, and elected at an ordinary meeting. The 
annual subscription is 20s. Those who wish to join should write to the Hon. 
Secretary at the Department of Philosophy, London School of Economics, 
1loughton Street, London WCz. An application form is printed on p. 288 of 


ihis issue. 


